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Foreword

The Workshop on Randomization and Approzimation Techniques in Computer
Science, Random’98, focuses on algorithmic and complexity aspects arising
in the development of efficient randomized solutions to computationally difficult
problems. It aims, in particular, at fostering the cooperation among practitioners
and theoreticians and among algorithmic and complexity researchers in the field.
RANDOM’98, held at the University of Barcelona (UPC), October 8-10, 1998,
is the second in the series, after Bologna.

This volume contains all contributed papers accepted for presentation at
the workshop, together with invited lectures by Josep Diaz (UPC Barcelona),
Alan M. Frieze (Carnegie Mellon U.), Michael Luby (ICSI Berkeley), and Emo
Welzl (ETH Ziirich). The contributed papers were selected out of several dozen
submissions received in response to the call for papers. All papers published
in the workshop proceedings were selected by the program committee on the
basis of referee reports. Considerable effort was devoted to the evaluation of the
submissions by the program committee and a number of other referees. Extensive
feedback was provided to authors as a result, which we hope has proven helpful
to them.

We would like to thank all of the authors who responded to the call for papers,
our invited speakers, the referees, and the members of the program committee:

Michael Luby, Chair, ICSI Berkeley

Andrei Broder, Digital Systems Research Center

Bernard Chazelle, Princeton U.

Andrea Clementi, U. of Rome

Anna Karlin, U. of Washington

Richard Karp, U. of Washington

Claire Kenyon, U. of Paris Sud

Michael Mitzenmacher, Digital Systems Research Center
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Maria Serna, UPC Barcelona
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Madhu Sudan, MIT

Avi Wigderson, Hebrew U.
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We gratefully acknowledge support from the European Association INTAS,
the Comissionat per a Universitats i Recerca — Generalitat de Catalunya, and
Universitat Politecnica de Catalunya. Finally, we would like to thank Helena
Martinez, Carme Alvarez, Conrado Martinez, and Jordi Petit i Silvestre for their
help in the preparation of the meeting.
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Disjoint Paths in Expander Graphs via Random
Walks: a Short Survey

Alan M. Frieze
Department of Mathematical Sciences
Carnegie-Mellon University
Pittsburgh
PA 15213
USA

Abstract

There has been a significant amount of research lately on solving the edge
disjoint path and related problems on expander graphs. We review the random
walk approach of Broder, Frieze and Upfal.

1 Introduction

The basic problem discussed in this paper can be described as follows: we are given
a graphG = (V, E) and a set ofK" disjoint pairs of vertices if/’. If possible, find

edge disjoint path®; that joina; to b; fori = 1,2,... , K. We call this the Edge
Disjoint Paths problem. We also say tliatis K -routableif such paths exist foany

set of K pairs. For arbitrary graphs, deciding whether such paths exist# fior

fixed K — Robertson and Seymour [16], butA§P-complete if K is part of the in-

put, being one of Karp’s original problems. This negative result can be circumvented
for certain classes of graphs, see Frank [7]. In this paper we will foclexpander
graphs There have been essentially two bases for approaches to this problem in this
context: (i) random walks and (ii) multicommodity flows. Our aim here is to provide a
summary of the results known to us at present together with an outline of some of their
proofs. We emphasise the random walk approach, see [11, 12, 13] for more detail on
the multicommaodity flow approach.

Expander Graphs For certain bounded degree expander graphs, Peleg and Upfal
[15] showed that if7 is a sufficiently strong expander théhis n¢-routable for some
small constant <« 1/3 that depends only on the expansion properties of the input
graph. Furthermore there is a polynomial time algorithm for constructing such paths.

This result has now been substantially improved and there is only a small factor
(essentiallylog n) between upper and lower bounds for maximum routability.

*Supported in part by NSF grant CCR9530974. E-na@#n@random.math.cmu.edu

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM’98, LNCS 1518, pp. 1-14, 1998.
Springer-Verlag Berlin Heidelberg 1998



2 A.M. Frieze

Using random walks, Broder, Frieze and Upfal [2] improved the result of [15] to
obtain the same result fdk = n/(logn)"® wherex depends only on the expansion
properties of the graph. More recently, they [3] improved this by replacimg?2 + ¢
for any positive constant > 0, at the expense of requesting greater expansion prop-
erties ofG. More recently still, Leighton, Rao and Srinivasan [13], using the rival
multi-commodity flow technology have improved on this by showing thaktban be
replaced by(1). In Section 4 we will show how the random walks approach can be
improved to give the same result, Theorem 3. Itis rather interesting that these, in many
ways quite different, approaches seem to yield roughly the same results. We note that
both approaches yield a hon-constructive proof [3], [12] (via the local lemma) that in a
sufficiently strong expanddt = Q(n/(logn)?) is achievable.

Random GraphsRandom graphs are well known to be excellent expanders and so
it is perhaps not surprising that they very highly “routable”. Broder, Frieze, Suen and
Upfal [4] and Frieze and Zhao [9] (see Theorems 7,8) show that thel an@utable
where K is within a constant factor of a simple lower bound, something that has not
yet been achieved for arbitrary expander graphs.

Low Congestion Path Set€One way of generalising the problem is to bound the
number of paths that use any one edge dtige congestigrby some valug in place
of one. Bounds on the number of routable pairs in this case are given in Theorem 5.

Dynamic problem In the dynamic version of the problem each vertex receives an
infinite stream of requests for paths starting at that vertex. The times between requests
are random and paths are are only required for a certain time (until the communication
terminates) and then the path is deleted. Again each edge in the network should not be
used by more thag paths at once.

The random walk approach gives a simple and fully distributed solution for this
problem. In [3] (see Theorem 6) we show that if the injection to the network and
the duration of connections are both controlled by Poisson processes then there is an
algorithm which achieves a steady state utilization of the network which is similar to
the utilization achieved in th&taticcase situation, Theorem 5.

Approximation Algorithm So far we have only considered the case where all
requests for paths have to be filled. If this is not possible then one might be satisfied
with filling as many requests as possible. Kleinberg and Rubinfeld [10] (see Theorem
10) prove that a certain greedy strategy provides has a worst-case performance ratio of
orderl/(lognloglogn).

Vertex Disjoint Paths Finally, there is the problem of finding vertex disjoint paths
between a given set of pairs of vertices. In the worst-case one cannot do better than the
minimum degree of the graph. The interest therefore must be on graphs with degrees
which grow with the size of the graph. In this context random graphs [5] have optimal
routing properties, to within a constant factor.

The structure of the paper is now as follows: Section 3 discusses the problem of
splitting an expander, a basic requirement for finding edge disjoint paths. Section 4
details the aforementioned results on expander graphs and outlines some of the proofs
for the random walk approach. Section 5 details the results on random graphs and
outlines the corresponding proofs. Section 6 describes the result of Kleinberg and
Rubinfeld. A final section provides some open problems.
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2 Preliminaries

There are various ways to define expander graphs; here we define them in terms of
edge expansion (a weaker property than vertex expansion).

For a set of vertice§ C V let out(S) be the number of edges with one end-point
in S and one end-pointif \ S, that is

out(S) = H{u,v} | {u,0} € E,u € S,v gs}‘.

Similarly,
in(S) = H{u,v} | {u,v} € E,u,v € SH

Definition 1 A graphG = (V, E) is a s-expander, if for every sef C V, |S| <
[V']/2, we haveout(S) > B|S|.

For certain results we need expanders that have the property that the expansion of small
sets is not too small. The form of definition given below is taken from [3].

Definition 2 An r-regular graphG = (V, E) is called an(«, 8, v)-expander if for
everyselS CV

(1—a)r|S| if|S| <AV
out(S) 2 { B1S| it A[V] < |S] < |V]/2

In particular random regular graphs and the (explicitly constructible) Ramanujan
graphs of of Lubotsky, Phillips and Sarnak [14] dre 3,v)-expanders withh =
O(y + =) andg close tor/4.

A random walkon an undirected grapfi = (V, E) is a Markov chain{X;} C V
associated with a particle that moves from vertex to vertex according to the following
rule: the probability of a transition from vertéx of degreed;, to vertexj is 1/d; if
{i,j} € E, and 0 otherwise. (In case of a bi-partite graph we need to assume that we do
nothing with probability 1/2 and move off with probability 1/2 only. This technicality
is ignored for the remainder of the paper.) Its stationary distribution, dengtéex
given byrn(v) = d,/(2|E|). Obviously, for regular graphs, the stationary distribution
is uniform.

A trajectory W of lengthr is a sequence of verticésy,w,... ,w,] such that
{wt, w41} € E. The Markov chaif{ X; } induces a probability distribution on trajec-
tories, namely the product of the probabilities of the transitions that define the trajec-
tory.

Let P denote the transition probability matrix of the random walk@®@nand let
P,% denote the probability that the walk isatat stept given that it started at. Let
A be the second largest eigenvaluerbf (All eigenvalues ofP are real.) It is known
that

|P{D, — m(w)| < N'/m(w)/7(v). (1)

In particular, for regular graphs

v,Ww

pn =1, O(\). 2)
n
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To ensure rapid convergence we need 1 — € for someconstante > 0. This holds
for all expanders (Alon [1]). In particular ii7 is a 3-expander with maximum degree
A respectively then Jerrum and Sinclair [17] show that

) .

It is often useful to consider theeparations of the distributionPﬁ.) from the limit
distributionz given by

(t)
s(t) = max M (4)

v 7(w)

Then we can write
P = (1= s@t)r +s(t)o

whereo is a probability distribution. We can then imagine that the distribuﬁéﬁ
is producing by choosing eitherwith probabilitys(¢) or = with probability1 — s(t).
Hence if€ is an event that depends only on the state of the Markov chain we have

(1 —s(t))Pr(€ underr) + s(t) > Pr(€ underP,ff.)) > (1 — s(t))Pr(€ underr).
()

We use this in the following scenario:

Experiment A: Chooseu; € V with distribution7 and do a random walki’; of
lengthT from u,. Letwv; be the terminal vertex df/;.

Experiment B: Chooseu, andv, independently fromV with distributionz and do a
random walk of length from us to vs.

We claim that for any everdt depending on walks of length
[Pr((u1,v1, Wh) € €) = Pr((uz,v2, W) € E)] < s(7). (6)

This follows from the stronger claim that for anye V' and any evenf depending on
walks of lengthr

|Pr((uy, v, W) € € | ur = u) — Pr((uz, va, Wa) € £ | us = u)| < s(71),

which follows from (5).
The notationB(m, p) stands for the binomial random variable with parameters
m = number of trials, ang = probability of success.

3 Splitting an Expander

Most of the algorithms we describe work in phases. Each phase generates paths and itis
important that the sets of paths produced in each phase remain edge disjoint. One way
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of ensuring this is to insist that different phases work on different expander graphs. If
the input consists of a single expander then we need a procedure for partifibmitoy
p sets, sayE, E», ... , E,, where the graph§; = (V, E;) are themselves expanders.

A natural way of trying to splitG into expander graphs is to randomly partitién
into p sets. The problem with this is that in a bounded degree expander this will almost
surely lead to subgraphs with isolated vertices. We must find a partition which provides
a high minimum degree in both graphs. The solution in [2, 3] is

Algorithm Partition( G, p)

1. Orient the edges &F so thatjoutdegree(v) — indegree(v)| < 1forallv € V.

2. For eachw € V randomly partition the edges directed out:ofnto p sets
Xy1,...,X,, each of size|r/2p]| or [r/2p]. LetE; = |J Xy,i, for
1 <4 <p.

veV

DefineH (7) = ((1 —9)'=7y?)~tandy(e) = (1 —€)In(1 — €) +e.

Theorem 1 Let G = (V, E) be anr-regular n-vertex graph that is ar{«, 8, 7)-

expander. Ife € (0,1) andp < r/2 are such that3 > p(yi(e)) *In(H (7)),

then Partition splits the edge-set 6f into p subgraphs. With probability at least
1 — exp(—n(Byy¥(e)/p — In(H (7)) — o(1))), all the p subgraphs spa” and have
edge-expansion at least

e |r/(2p)] — ar for sets of size at mostu.
e (1 —¢)3/pfor sets of size betweeym andn /2.

In particular eachG; is a (-expander where

¢ =min{|r/(2p)| — ar, (1 - €)5/p}. ()

This does not seem to be the best way to proceed, but it is the best we know construc-
tively. Frieze and Molloy [8] have a stronger result which is close to optimal, but at
present it is non-constructive. Let the edge-expang{@#) of G be defined by

. out(9)

IS|<n/2

Theorem 2 Letp > 2 be a positive integer and let > 0 be a small positive real
number. Suppose that

! Tpe 2

Y%

logr
n(G) > 4eZplogr.

Then there exists a partitioB = E; U E; U --- U E, such thatforl <i <p

1Theo(1) term tends td asn — oo.
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@) 1 G
n(G) > ‘2"( )
® (1-¢) (1+¢)
» <0(G;) <A(GH) < » .

4 Finding paths in Expander graphs
4.1 Edge Disjoint paths

We will first concentrate on showing how using random walks we can achieve the same
bound on the number of routable pairs as given in [13].

Fix integers > 1 and |et10g(s) denote the natural logarithm iteratedimes e.qg.
log(2) n = loglogn.

Let m; = log®n andm;, = [ (%)m"/m] fori > 1. Then letK; =
|2¢rn/(mi(logn)?)| fori > 1 ando < s + 2 be the largest such thatk; > 0.

Herec = O(¢?/(r?s)) is a positive constant&as in (7).

Theorem 3 Supposé€7 is anr-regular n-vertex graph that is aria, 38, v)-expander.
Suppose thag > 1 above whemp = 55. ThenG is crn/((log n)? log'® n) -routable.

Proof We first splitG into p = 50 expander graph&y,G-»,... ,G), using al-
gorithm Partition. Note that the minimum degree in eéthis at leastr/(2p) and
maximum degree is at mosf2.

Let H; = Gs(—1)41 U - UG5 for 1 <4 < o. The algorithm runs in phases.
Phase is left to deal with at mostK; | pairs left over from Phases 1ie- 1, assuming
these phases have all succeeded. Thus Rhsiseuld finish the job. We run Phasen
graphH; and this keeps the paths edge disjoint. Denote the set of source-sink pairs for
Phase by Sa; = {a1i,-.. ,ak,:} andSg; = {b1,;... ,bk,:}. Phase is divided
into 4 subphases.

Subphasei.a: The aim here is to choose;,W;, 1 < j < 2K, such that (i)
w; € Wy, (i) [W;| = m; + 1, (iii) the setslV;, 1 < j < 2K; are pairwise disjoint and
(iv) W; induces a connected subgrapief= G5(;_1)42-

As in [11] we can partition an arbitrary spanning tfBef I';. SinceT has maxi-
mum degree at mostwe can fin®2K; vertex disjoint subtre€s;, 1 < j < 2K; of T,
each containing between; + 1 and(r — 1)m; + 2 vertices. We can find as follows:
choose an arbitrary rogtand letQ1, Q», . .. , Q. be the subtrees gf. If there exists
I such that), has betweem; + 1 and(r — 1)m; + 2 vertices then we tak&, = Q.
Otherwise we can search for in any @, with more thar(r — 1)m,; + 2 vertices. Since
T\ T is connected, we can choose all of ffigs in this way. Finally,W; is the vertex
set of an arbitraryn; + 1 vertex subtree df’; andw; is an arbitrary member d¥; for
j=1,2,...,2K;.

Subphasei.b: Using a network flow algorithm ik ;1)1 connectin an arbitrary
manner the vertices &f4 ;USp ; toW; = {w1, ... ,wak, } by 2K; edge disjoint paths
as follows:
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e Assume that every edge @ ;_1)4; has a capacity equal to 1.

¢ View each vertex irf; as a source with capacity 1 and similarly every vertex in
W; as a sink with capacity equal 1.

The expansion properties 6f,(;_1), ensure that such flows always exist.

Letay,; (resp.l;k,i) denote the vertex ifi; that was connected to the original end-
pointay, ; (resp.bg,;). Our problem is now to find edge disjoint paths joiniiag; to
by for1 < k < K;.

Subphasei.c: If w; has been renamed ag ; (resp.l;k,i) then rename the elements
of W asdy, ¢, (resp.beci,) 1 < € < m;. Choose;,1 < j < m;K; andn;,1 < j <
m; K; independently at random from the steady state distributjoof a random walk
onG5;. Using a network flow algorithm as in Subphade connecf{a ¢ ;: 1 < k <
K;,1<¢<m;}to{¢ :1<j<m;K;} by edge disjoint paths i's;_». Similarly,
connect{f)k,,_;,i 1<kE<K;, 1<{<m;}to{n;:1<j<m;K;} by edge disjoint
paths inG's;,—1. Rename the other endpoint of the path starting,at; (resp.l;k,g,i) as
ag,e,; (resp.by ¢ ;).

Once again the expansion propertie§gf_», G5;_1 ensure that flows exist.

Subphasei.d: Choosez;;,1 < k < K;,1 < £ < m,; independently at ran-
dom from the steady state distributian of a random walk ori7s5;. Let W,;M (resp.
W,;”,_;’i be a random walk of lengthlogn from ag ¢ ; (resp. BHJ) to &x,;. Here
6 = r2/(2¢?)) is chosen so that the separation (4) betwegand the distribution of
the terminal vertex of the walk i©(n=3). ((3) gives)\; < 1 — 2¢?/r? where); is
the second largest eigenvalue of a random walk7gn) The use of this intermediate
vertexzy ¢,; helps to break some conditioning caused by the pairing up of the flow
algorithm.

Let By, (resp. By}/,) denote thebundle of walks sz L1 < £ < my; (resp.
Wil < Y. < my). Followmg [13] we say thatVy , ; is badif there existsk’ # k
such thatV;, , ; shares an edge with a walk in a bunmg or By, ;- Each walk starts
at an mdependently chosen vertex and moves to an mdependently chosen destination.
The steady state of a random walk is uniform on edges and so at each stage of a walk,
each edge is equally likely to be crossed. Thus

10m; K;6%(logn)?c

P ', isbad <
r(WM’, is bad < -

< 1/10

for sufficiently smallc.
We say thatindex is bad if eitherB, ; or B/ ; contain more tham; /3 bad walks.

Ifindex k is not bad then we can find a walk fraig ¢ ; to Bk,,_;,i throughz, ¢ ; for some
¢ which is edge disjoint from all other walks. This gives a walk

Ak, — Ak — Qhoe; = Okye,i = Thoes — Ok, = bryeyi — brg — i,

which is edge-disjoint from all other such walks.
The probability that index is bad is at most

2Pr(B(m;,.1) > 1/3) < 2(3e/10)™:/10,
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So with probability at least 1/2 the number of bad indices is no more than
|4K;(3e/10)™/1°] < K;, . By repetition we can ensure that Phaseicceedsvhp.
The theorem follows. |

4.1.1 Existence Result

In this section we describe the use of the asz'Local Lemma [6] to prove thexis-
tenceof a large number of edge disjoint paths in ansegular(a, 3, v)-expander, [3].
At the present time we do not see how to make the argument constructive.

Theorem 4 Given a bounded degrée, 3, v)-expander graph there exists a parame-
ter ¢ that depends on, 3, v, but not onn, such that any set of less than/(logn)?
disjoint pairs of vertices can be connected by edge disjoint paths.

The proof starts by splittings into 2 3 > 1 expanders and using the first to route
ai,...,bx to randomly chosed,, ... ,bx via edge disjoint paths found through a
flow algorithm as in say, Subphase of the algorithm of the previous section.

Then, forl < i < K, @; is joined tob; via anO(log n) random walki?; through
a randomly chosen intermediate vertex We use the local lemma to show that
Wi,...,Wgk are edge disjoint with positive probability. Ignoring several technical
problems we considdradevent&; ; = {W; N W; # 0} and argue thaf; ; depends
only on the< 2K events of the forn€;/ ; or &; ;. SincePr(&; ;) = O((logn)?/n)
we can follow through ifK (log n)?/n < 1. This gives the theorem.

4.2 Low Congestion Paths

We discuss the following result from [3].

Theorem 5 There is an explicit polynomial time algorithm that can connect any set of
K = a(n)n/logn pairs of vertices on a bounded degree expander so that no edge is
used by more thag paths where

loglogn
— f 1/2;
- oo+ [irr|):  fora<iz
O(s + a +loglogn), fora > 1/2,

& = min(a, 1/loglogn), ands is the maximal multiplicity of a vertex in the set of
pairs.

See [11] for similar results proved via multi-commaodity flows.

The algorithm uses the same flow/random walk paradigm that we have already seen
twice above.a,, ... ,bx are joined to randomly chosén, . .. ,bx via edge disjoint
paths found through a flow algorithm. Then, for< i < K, a; is joined tob; via
anO(logn) random walkiV; through a randomly chosen intermediate ventexThe
number of paths which use an edge is bounded by the sum of two binomials. We
then see that for a sufficiently large> 0 whp there are fewer than/(logn)" edges
which have congestion greater thanWe delete all of the paths through such edges



Disjoint Paths in Expander Graphs via Random Walks 9

and re-join the corresponding pairs via edge disjoint paths, using the algorithm of [2].
|
Leighton, Rao and Srinvasan [12] generalise Theorem 4 by showing that for any
B > 1, given enough expansion one can jeity (logn)'*!/# pairs with congestion
at mostB.

4.3 Dynamic Allocation of Paths

Broder, frieze and Upfal [3] discuus a stochastic model for studying a dynamic version
of the circuit switching problem. In their model new requests for establishing paths
arrive continuously at nodes according to a discrete Poisson process. Requests wait in
the processor’s queue until the requested path is established. The duration of a path is
exponentially distributed.

Their model is characterized by three parameters:

e P; is an upper bound on the probability that a new request arrives at a given node
at a given step.

e P, is the probability that a given existing path is terminated in a given step. A
pathlivesfrom the time it is established until it is terminated.

e g is the maximum congestion allowed on any edge.

e The destinations of path requests are chosen uniformly at random among all the
graph vertices

They study a simple and fully distributed algorithm for this problem. In the algorithm
each processor at each step becomes active with a probdtjility P,. An inactive
processor does not try to establish a path even if there are requests in its queue. The
algorithm can be succinctly described: Assume thet active at step, and the first
request ina’s queue is forb. Processou tries to establish a path #oby choosing a
random trajectory of length = ¢ log n connecting: to b. If the path does not use any
edge with congestion greater than- 1, the path is established, otherwise the request
stays in the queue.

Theorem 6 Let

B — mi 1 rg
- log(grn)’ rle+D)/a |~
There exists a constantsuch that if P, < v®P,, then the system is stable and the
expected wait of a request in the queu®{d /P, ).

Before outlining the proof let us see the consequence of this theorefa( Ngt= n P,

be the expected number of new requests that arrive at the system at a given step, and
let E(D) = 1/P> be the expected duration of a connection. For the system to be
stable, the expected number of simultaneously active paths in the steady state must be
atleast(N)E(D) = nP; /P,. Pluggingg = loglogn/ logw for somew in the range
[1,1ogn] in the definition of® we get

q>zn< ! )
wlogn
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Thus the theorem above implies that for such a congesgtithre system remains stable
even if we choosé#’, andP, such that

P1 n
E(N)E(D) = nP2 =yn® =Q (wlogn) ,
in which case the dynamic algorithm utilizes the edges of the network almost as ef-
ficiently as the static algorithm, Theorem 5 (there seems to be an efficiency gap of
maximum ordetog log log n for w < loglogn).
In the proof of the theorem, time is partitioned into intervals of leriged 1/(4P;).
Let H, denote the history of the system during the fitiine intervals. Define the event

E(vt) = If the queue of processorwas not empty at the beginning of interval
7/ 7| t thenwv served at least one request during intetval

The goal is to show that for all andt,

Pr(E(v,t) | His) > % (®)
Given this we conclude that in any segmengof steps processaris serving at least
one request with probability at leasf2. The number of new arrivals in this time
interval has a Binomial distribution with expectation at mgtP; < 1/2. Thus,
under these conditions the queue is dominated by/ai//1 queue with expected
inter-arrival distribution greater thatil’, and expected service time smaller thn
The queue is stable, and the expected wait in the queaélisl) = O(1/P;).

To prove (8) we argue that with sufficiently high probability(fpecomes active at
least once during an interval, (ii) there are no very old paths in the network, (iii) there
are not too many paths in the network altogether and then (iv) we can argue that the
first path that a processaertries to establish is unlikely to use a fully loaded edge.

5 Random Graphs

We deal with two related models of a random grapHi,, ,, has vertex sefn] =
{1,2,...,n} and and exactlyn edges, all sets af» edges having equal probabil-
ity. The random grapli _regis uniformly randomly chosen from the setiefegular
graphs with vertex sém].

Let D be the median distance between pairs of vertices in géaph. Clearly it
is not possible to connect more théxm /D) pairs of vertices by edge-disjoint paths,
for all choices of pairs, since some choice would require more edges than all the edges
available. In the case of bounded degree expanders, this absolute upper bauisd on
O(n/logn). The results mentioned above use only a vanishing fraction of the set of
edges of the graph, thus are far from reaching this upper bound. In contrast, Broder,
Frieze, Suen and Upfal [4] and Frieze and Zhao [9] show tha€fgy, andG,. —reg
the absolute upper bound is achievable within a constant factor, and present algorithms
that construct the required paths in polynomial time.
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Theorem 7 Letm = m(n) be such thatl = 2m/n > (1 + o(1))logn. Then, as
n — oo, With probabilityl — o(1), the graphG, ,,, has the following property: there
exist positive constantsand 3 such that for all sets of pairs of verticgsa;, b;) | i =
1,..., K} satisfying:

() K < [amlogd/logn],
(i) for each vertexw, |{i: a; = v}| + |[{i : b; = v}| < min{dg(v), Bd},

there exist edge-disjoint paths @, joining a; to b;, for eachi = 1,2,... , K. Fur-
thermore, there is a®)(nm?) time randomized algorithm for constructing these paths.

Theorem 8 Letr be a sufficiently large constant. Thenyas— oo, the graphG, reg
has the following propertyhp: there exist positive absolute constants3 such that
for all sets of pairs of vertice§(a;, b;) | i = 1, ..., K} satisfying:

() K < [arn/log,n],
(i) for each vertex, |{i: a; = v}| + |{i: b; = v}| < Br,

there exist edge-disjoint paths @, reg, joining a; to b;, for eachi = 1,2,... , K.
Furthermore, there is arQ(n?) time randomized algorithm for constructing these
paths.

These results are best possible up to constant factors. Consider for example Theorem 7.
For (i) note that the distance between most pairs of verticék,ip, is Q(logn/ log d),
and thus withm edges we can connect at maéstm log d/ logn) pairs. For (i) note
that a vertexv can be the endpoint of at mogdg: (v) different paths. Furthermore
suppose thatl > n” for some constany > 0 so thatK > [aynd/2]. Lete =
avy/3, A = [en], andB = [n] \ A. Now with probability 1-0(1) there are less than
(14 0(1))e(1 — €)nd edges betweeA andB in Gy, ,,,. However almost all vertices of
A have degre€l + o(1))d and if for these vertices we ask for — €/2)d edge-disjoint
paths to vertices itB then the number of paths required is at mdst o(1))e(1 —
e/2)nd < K, but, without further restrictions, this many paths would require at least
(I-o0(1))e(1—€/2)nd > (14 0(1))e(1 — e)nd edges betweeA andB which is more
than what is available. This justifies an upper bount efe/2 for 3 of Theorem 7. A
similar argument justifies the bounds in Theorem 8.

First consider Theorem 7. The edge Be first split randomly into 5 setB,, Es,
..., E5. The graphgz; = (V, E;) will all be good expandera&hp. As usual,G;
is used to conneety, ... ,bx to randomly chosed,... ,bx using network flows.
A random walk is then done i&', starting at each of these latter vertices and ending
atay,...,bx. After each walk, the edges are deleted fr@mwhich keeps the walks
edge disjoint. The lengthof these walks i®)(log n/ log d) butlong enough so that the
endpointsis, . .. , bk are (essentially) independent of their start points. This handles
any possible conditioning introduced by the pairindipfvith b;. Finally, a; is joined
to b; directly by a random walk of lengthin G3. G, andGs and the algorithm of [2]
are used to connect the few pairs not successfully joined by the above process.

The success of this algorithm rests on the fact that if not too many walks,
O(mlogd/logn), are deleted the®(m) edges will be deleted and we will be easily
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be able to ensure that the degrees of almost all vertices stay logarithmic in size. Thus
the remaining graphs will be good expanders. The reader should notice that we only
need a constant number of short random walks to connect each pair and this is why we
are within a constant of optimal.

In Theorem 3 where degrees are bounded, we find that this argument breaks down
because many (order) vertices would become isolated through the deletion of the
requested number of walks. The cure for this is to force the “action” to take place on
a core of each subgraph (The-core of a graphH is the largest subset 6f which
induces a subgraph of minimum degree at léaist /. It is unique and can be found
by repeatedly removing vertices which have degree lessikhahhis raises technical
problems, such as what is to be done when one of the endpoints of a proposed walk
drops out of the core. These problems are dealt with in [9].

The problem of finding vertex disjoint paths in random graphs is dealt with in
Broder, Frieze, Suen and Upfal [5].

Theorem 9 Supposen = % (log n+w) wherew(n) — co. Then there exists, 3 > 0
such thatwhp forall A = {a1,as,... ,ax}, B = {b1,bs,... ,brx} C [n] satisfying

() ANB=0
(i) 14| = |B| < enlnd

(i) |N(v)N(4UB)| < BIN().

there are vertex disjoint pathB; froma; tob; for 1 < i < K. Furthermore these paths
can be constructed by a randomised algorithndin?) time.

This result is best possible up to constant factors.

6 Approximation Algorithm

Kleinberg and Rubinfeld [10] describe an on-line Bounded Degree (BGA) Approxima-
tion algorithm for the edge disjoint paths problem. BGA is defined by a pararheter
as follows:

(i) Proceed through the terminal pairs in one pass.

(i) When(a;,b;) is considered, check whether andb; can still be joined by a path
of length at mostL.. If so, route(a;, b;) on such a patl®;. DeleteP; and iterate.

They prove the following:

Theorem 10 Supposé/ is an expander of maximum degete Then there exisis> 0
such that with, = cAlogn, BGA is anO(log n log log n)-approximation algorithm
for the edge disjoint paths problem.
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7 Final Remarks

There has been a lot of progress since the first paper of Peleg and Upfal. The most
interesting questions that remain to my mind are:

1. Can we takdl = Q(n/logn), given sufficient expansion, in Theorem 3?

2. More modestly, can we remove thes'*) n, factor and make Theorem 4 con-
structive?

3. Can we achieve near optimal expander splitting as in Theorem 2, constructively?

4. Is there a constant factor approximation algorithm for the edge disjoint paths
problem on expander graphs?

5. Can any of the above results be extended to digraphs?
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Abstract. Min-wise independence is a recently introduced notion of
limited independence, similar in spirit to pairwise independence. The
later has proven essential for the derandomization of many algorithms.
Here we show that approximate min-wise independence allows similar
uses, by presenting a derandomization of the RNC algorithm for approx-
imate set cover due to S. Rajagopalan and V. Vazirani. We also discuss
how to derandomize their set multi-cover and multi-set multi-cover al-
gorithms in restricted cases. The multi-cover case leads us to discuss the
concept of k-minima-wise independence, a natural counterpart to k-wise
independence.

1 Introduction

Carter and Wegman [6] introduced the concept of universal hashing in 1979,
with the intent to offer an input independent, constant average time algorithm
for table look-up. Although hashing was invented in the mid-fifties, when for
the first time memory become “cheap” and therefore sparse tables became of
interest, up until the seminal paper of Carter and Wegman the premise of the
theory and practice of hashing was that either the input is chosen at random
or the hash function is chosen uniformly at random among all possible hash
functions. Both premises are clearly unrealistic: inputs are not random, and the
space needed to store a truly random hash function would dwarf the size of
the table. Carter and Wegman showed that, in order to preserve the desirable
properties of hashing, it suffices to pick the hash function from what is now
called a pair-wise independent family of hash functions. Such families of small
size exist, and can be easily constructed.

Since then, pairwise independence and more generally k-wise independence
have proven to be powerful algorithmic tools with significant theoretical and
practical applications. (See the excellent survey by Luby and Wigderson [11]

* Supported by the Pierre and Christine Lamond Fellowship and in part by an ARO
MURI Grant DAAHO04-96-1-0007 and NSF Award CCR-9357849, with matching
funds from IBM, Schlumberger Foundation, Shell Foundation, and Xerox Corpora-
tion.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM' 98, LNCS 1518, pp. 15-24, 1998.

[ Springer-Verlag Berlin Heidelberg 1998
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and references therein.) One important theoretical application of pairwise inde-
pendence is for the derandomization of algorithms. A well-known example is to
find a large cut in a graph. One can color the vertices of a graph with |F| edges
randomly using two colors, the colors being determined by a pairwise indepen-
dent hash function chosen at random from a small family. The colors define a
cut, and on average the cut will have |E|/2 crossing edges. Hence, by trying every
hash function in the family one finds a cut with at least the expected number of
crossing edges, |E|/2.

Recently, we introduced an alternative notion of limited independence based
on what we call min-wise independent permutations [4]. Our motivation was the
connection to an approach for determining the resemblance of sets, which can be
used for example to identify documents on the World Wide Web that are essen-
tially the same [2, 3, 5]. In this paper we demonstrate that the notion of min-wise
independence can also prove useful for derandomization. Specifically, we use a
polynomial-sized construction of approximate min-wise independent permuta-
tions due to Indyk to derandomize the parallel approximate set cover algorithm
of Rajagopalan and Vazirani [12]. (From now on, called the RV-algorithm.) This
example furthers our hope that min-wise independence may prove a generally
useful concept.

The paper proceeds as follows: in Section 2, we provide the definitions for
min-wise and approximately min-wise independent families of permutations. We
also state (without proof) Indyk’s results. In Section 3, we provide the necessary
background for the RV-algorithm. In particular, we emphasize how the property
of min-wise independence plays an important role in the algorithm. In Section 4,
we demonstrate that the RV-algorithm can be derandomized using a polynomial
sized approximately min-wise independent family. Finally, in Section 5, we briefly
discuss how to extend the derandomization technique to the set multi-cover and
multi-set multi-cover algorithms proposed by Rajagopalan and Vazirani. This
discussion motivates a generalization of min-wise independence to k-minima-
wise independence, a natural counterpart to k-wise independence.

2 Min-wise independence

We provide the necessary definitions for min-wise independence, based on [4].
Let S, be the set of all permutations of [n]. We say that F C S, is exactly

min-wise independent (or just min-wise independent where the meaning is clear)

if for any set X C [n] and any z € X, when 7 is chosen at random ! from F we

have
Pr(min{r(X)} = 7(z)) = % (1)

In other words we require that all the elements of any fixed set X have an equal
chance to become the minimum element of the image of X under .

1 To simplify exposition we shall assume that 7 is chosen uniformly at random from
F, although it could be advatageous to use a another distribution instead. See [4].
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We say that F C S, is approzimately min-wise independent with relative
error € (or just approximately min-wise independent where the meaning is clear)
if for any set X C [n] and any = € X, when 7 is chosen at random from F we

have
Pr(min{r(X)} = n(z)) - %' < &' 2)

In other words we require that all the elements of any fixed set X have only an
almost equal chance to become the minimum element of the image of X under 7.
Indyk has found a simple construction of approximately min-wise indepen-
dent permutations with useful properties for derandomization [9]. The construc-
tion is derived from a family of hash functions that map [n] to a larger set [m]
and have certain limited independence properties. A function h : [n] — [m] in-
duces a permutation 7 of [n] as follows: sort the n pairs (h(x),z) for = € [n]
in lexicographic order and define 7(x) to be the index of (h(z),z) in the sorted
order. Thus, a family of hash functions {h : [n] — [m]} induces a family of
permutations of [n]. Indyk’s results imply the following proposition.

Proposition 1. [Indyk] There exists constants ¢; and cy such that, for any
c1 log(1/€)-wise independent family H of hash functions from [n] to [can/e], the
family of permutations on [n] induced by H is approzimately min-wise indepen-
dent with relative error e.

Using the above proposition, an approximately min-wise independent family
can be constructed as follows. Let r = [log(can/e)]. We need a hash function
that associates to each element in [n] an r-bit string. We construct a string of
length n - r bits, representing the concatenation of all the hash values, such that
the bits are rc; log(1/€) independent. Thus the hash values for any c¢; log(1/e¢)
elements are independent. Proposition 1 ensures that the family of permutations
induced by this construction is approximately min-wise independent. Moreover,
we can use the constructions of almost k-wise independent random variables
due to Alon et. al. [1]. The fact that the bits will be only approximately k-wise
independent can be absorbed into the relative error for the approximately min-
wise independent family of permutations. As noted in [1], the construction of
the appropriate approximately independent bit strings can be performed in NC,
implying that the construction of an approximately min-wise independent family
of permutations can be performed in NC. The size of the family of permutations
obtained is n@Uos(1/e)),

Hence in what follows we will use the fact that there exist NC-constructible
approximately min-wise independent families of permutations of size n©Ucs(1/€))

3 The parallel set cover algorithm

3.1 The problem

The set cover problem is as follows: given a collection of sets over a universe of
n elements, and given an associated cost for each set, find the minimum cost
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Preprocess.

Iteration:
For each not-covered element e, compute value(e).
For each set S, include S in L if ) ) value(e) > Cs /2.
Phase:

(a) Permute £ at random.

eu(s

(b) Each not-covered element e votes for the first
set S in the random order such that e € S.

(€) I D", oies g Value(e) > Cs/16, then add S to
the set cover.

(d) Remove from £ any set not satisfying
ZeeU(S) value(e) > Cg /2.
Repeat until £ is empty.

Iterate until all elements are covered.

Fig. 1. The RV-algorithm for parallel set cover

sub-collection of sets that covers all of the n elements. This problem (with unit
costs) is included in Karp’s famous 1972 list [10] of NP-complete problems. (See
also [8].)

The natural greedy algorithm repeatedly adds to the cover the set that min-
imizes the average cost per newly added element. In other words, if the cost of
set S is Cg, then at each step we add the set that minimizes Cs/|U(S)|, where
U(S) is the subset of S consisting of elements not yet covered. The greedy al-
gorithm yields an H,, factor approximation. (H,, denotes the harmonic number
Y 1<i<n 1/i.) For more on the history of this problem, see [12] and references
therein. In particular Feige [7] has shown that improving this approximation is
unlikely to be computationally feasible.

3.2 A parallel algorithm

The RV-algorithm is a natural modification of the greedy algorithm: instead
of repeatedly choosing the set that covers elements at the minimum average
current-cost, repeatedly choose some sets randomly from all sets with a suitably
low minimum average current-cost. The intuition is that choosing several sets
at a time ensures fast progress towards a solution; randomness is used in an
ingenious way to ensure a certain amount of coordination so that not too many
superfluous sets (that is, sets that cover few, if any, new elements) are used.
Define the value of an element to be:

value(e) = min Cs

S5e [U(S)|
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That is, the value of an element is the minimum possible cost to add it to
the current cover. The algorithm of Rajagopalan and Vazirani is depicted in
Figure 3.1.

The preprocessing step is used to guarantee that the costs Cg lie in a limited
range; this is not of concern here since it does not involve any randomization.
The randomization comes into play when the sets of £ are randomly permuted,
and each element votes for the first set in the random order. This property is
exploited in the analysis of the algorithm in two ways:

1. The set that each element votes for is equally likely to be any set that
contains it.

2. Given any pair of elements e and f, let N, be the number of sets containing
e but not f, let Ny be the number of sets containing f but not e, and let N
be the number of sets that contain both. The probability that both e and f

vote for the same set is
Ny

Ne—i—Nb-l-Nf.

Interestingly, both of these properties would hold if £ were permuted according
to a min-wise independent family of permutations; in fact, this is all that is
required in the original analysis. Hence if we had a polynomial sized min-wise
independent family, we could derandomize the algorithm immediately. Unfor-
tunately, the lower bounds proven in [4] show that no such family exists; any
min-wise independent family would have size exponential in |L].

We therefore consider what happens when we replace step (a) of the parallel
set cover algorithm with the following step:

(a’) Permute £ using a random permutation from an
approximately min-wise independent family with
€rror €.

As we shall explain, for suitably small e this replacement does not affect the
correctness of the algorithm, and the running time increases at most by a con-
stant factor. Using this fact, we will be able to derandomize the algorithm using
Indyk’s polynomial-sized construction.

4 The derandomization

We note that the proof of the approximation factor of the algorithm, as well as
the bound on the number of iterations, does not change when we change how the
permutation on L is chosen. Hence we refer the interested reader to the proofs
in [12], and consider only the crux of the argument for the derandomization,
namely the number of phases necessary for each iteration.

As in [12], we establish an appropriate potential function @, and show that
its expected decrease A in each phase is ¢® for some constant c. The potential
function is such that if it ever becomes 0 we are done. In [12], this was used
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to show that O(logn) phases per round are sufficient, with high probability. By
using a polynomial sized family of approximately min-wise independent permu-
tations, we can try all possible permutations (on a sufficiently large number of
processors) in each phase; in this way we ensure that in each phase the potential
@ decreases by a constant factor. This derandomizes the algorithm.

We review the argument with the necessary changes. The potential function
@ is Y 4 U(S). The degree of an element e, denoted deg(e) is the number of sets
containing it. A set-element pair (S, e) with e € U(S) is called good if deg(e) >
deg(f) for at least 3/4 of the elements f € U(S). We show that on average a
constant fraction of the good (S, e) pairs disappear in each phase (because sets
are added to the cover), from which we can easily show that E(A®) > ¢®.

Lemma 2. Lete, f € U(S) with deg(e) > deg(f). Then

1—c¢
2(1+¢)’

Pr(f wvotes for S | e votes for S) >

Proof. Let N. be the number of sets containing e but not f, let Ny be the
number of sets containing f but not e, and let N, be the number of sets that
contain both. The set .S is chosen by both e and f if it the smallest choice for
both of them; this happens with probability at least M_:N;;_Nf, by the definition
of approximate min-wise independence. Similarly, the set S is chosen by e with

probability at most Nlij\,b. Hence

1—¢ N, + N, 1—c¢
Pr(f votes for S | e votes for S) > . > .
(f | )_1+e Ne+ Ny + Ny~ 2(1+¢)

The last inequality follows from the fact that No > Ny.

The above lemma suggests that if (S, e) is good, and e votes for S, then S
should get many votes. Indeed, this is the case.

Lemma 3. If (S,e) is good then

1—4e
15

Proof. Clearly value(f) < Cs/|U(S)| for any f € U(S), so

Z value(f) < % .

feU(s)
deg(f)>deg(e)

Pr(S is picked | e votes for S) >

But if S € £, then 3 ;. ;(s) value(f) = Cs/2. Therefore

FEU(S)
deg(f)<deg(e)
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By Lemma 2, if e votes for S, then each f with deg(f) < deg(e) votes for

S with probability at least (1 —e€)/(2(1+¢€)). Hence, conditioned on e vot-

ing for S, the expected total value of all elements that vote for S is at least

Cs(1— e)/(8(1 —l—e)). Let p be the probability that S is picked in this case.

Then as the total value from all elements that vote for S is at most Cg, clearly
CS Cs(l — 6)

Pcs+(1—19)1—62 SA+e)

From this we obtain that p > (1 — 4¢€)/15.

From the Lemma above we show that the expected decrease in the potential
function is a constant fraction per round.

(1=5¢)
Lemma 4. E(A®) > 9.

Proof. As in [12], we estimate the decrease in & due to each pair (S,e) when
e votes for S and S joins the cover. The associated decrease is deg(e) since ¢
decreases by one for every remaining set that contains e. Hence

E(AD) > Z Pr(e voted S and S was picked ) - deg(e)
(S,e):e€U(S)

> Z Pr(e voted S) - Pr(S was picked | e voted S) - deg(e)

(S,e) good
1—€¢ 1—4e 1— 5¢
> . -d >
- Z deg(e) 15 egle) 2 Z 15
(S,e) good (S,e) good
1—5e¢ _ 1—5¢
> > .
- Z 60 — 60

(S,e):e€U(S)

If initially we have n sets and m elements, then initially @ < mn, and hence
we may conclude that at most O(log nm) phases are required before an iteration
completes. Given the results of [12], we may conclude:

Theorem 5. The algorithm PARALLEL SET COVER can be derandomized to an
NC? algorithm that approzimates set cover within a factor of 16H, using a
polynomial number of processors.

One may trade of the number of processors and a constant factor in the
running time by varying the error e. However, the family must be sufficiently
large so that e is small enough for the analysis to go through. Having € < 1/5 is
sufficient (this can be improved easily, at least to € < 1/3).

5 Extensions

Besides the parallel set cover algorithm, Rajagopalan and Vazirani also provide
algorithms for the more general set multi-cover and multi-set multi-cover prob-
lems. In the set multi-cover problem, each element has a requirement r., and it
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must be covered r, times. In the multi-set multi-cover problem, multi-sets are
allowed. These algorithms follow the same basic paradigm as the parallel set
cover algorithm, except that during the algorithm an element that still needs
to be covered r(e) more times gets r(e) votes. (Note r(e) is dynamic; r(e) = re
initially.)

Our derandomization approach using approximately min-wise independent
families of permutations generalizes to these extensions as well, subject to a
technical limitation that the initial requirements r. must be bounded by a fixed
constant. We need slightly more than approximate min-wise independence, how-
ever. The following properties are sufficient?:

— the ordered r(e)-tuple of the first r(e) sets containing an element e in the
random order is equally likely to be any ordered r(e)-tuple of sets that con-
tain e,

— for any pair of elements e and f both in some set S, the ordered (r(e) +
r(f)— 1)-tuple of the first r(e) +r(f) — 1 sets containing either e or f in the
random order is equally likely to be any ordered (r(e) + r(f) — 1)-tuple of
sets that contain either e or f.

Note that when r(e) = r(f) = 1, these conditions are implied by min-wise
independence, as we would expect.

These requirements suggest a natural interpretation of min-wise indepen-
dence: suppose that not just any element of a set X was equally likely to be
the first after applying a permutation, but that any ordered set of k elements
of a set X are equally likely to be the first k elements (in the correct order) af-
ter applying a permutation to X. Let us call this k-minima-wise independence.
Then the properties above correspond to maxe ¢(r(e) + r(f) — 1)-minima-wise
independence; if max, r(e) is a fixed constant, then we require a k-minima-wise
independent family of permutations for some constant k. In fact, as with the
parallel set cover problem, we require only approximate k-minima-wise indepen-
dence, and the construction of Indyk can be generalized to give us an appropriate
family of polynomial size when k is a constant.

We note in passing that for estimating the resemblance of documents as in
[2] and [5] with a “sketch” of size k we need one sample from a k-minima-wise
independent family, while for the method presented in [3], we need k separate
samples from a min-wise independent family.

There is an interesting meta-principle behind our derandomizations, which
appears worth emphasizing here.

Remark 6. Let £ be an event that depends only on the order of the first k
elements of a random permutation. Then any bound on the probability of £ that
holds for random permutations also holds for any k-minima-wise independent
family. Moreover, for any approximately k-minima-wise independent family, a
suitable small correction to the bound holds.

2 In fact they are more than is necessary; however, stating the properties in this form
is convenient.
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For example, many of the lemmata in [12] prove bounds for events assuming
that the random permutations are generated by assigning each set a uniform
random variable from [0, 1] and then sorting. Because the events these lemmata
bound depend only on the first (r(e) +7(f)—1) sets of the permutation, the lem-
mata still hold when using (r(e) + r(f) — 1)-minima-wise independent families,
and only minor corrective terms need to be introduced for (r(e) + r(f) — 1)-
minima-wise independent families. Hence given the results of [12], the deran-
domizations follow with relatively little work.

6 Conclusion

We have demonstrated a novel derandomization using the explicit construction of
approximate min-wise independent families of permutations of polynomial size.
We expect that this technique may prove useful for further derandomizations.
The question of how to best construct small approximately min-wise indepen-
dent families of permutations remains open. Improvements in these constructions
would lead to improvements in the number of processors required for our deran-
domizations here, and more generally may enhance the utility of this technique.
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Abstract. Recently Komlés, Sarkézy, and Szemerédi proved a strik-
ing result called the blow-up lemma that, loosely speaking, enables one
to embed any bounded degree graph H as a spanning subgraph of an
e-regular graph G. The first proof given by Komlds, Sarkozy, and Sze-
merédi was based on a probabilistic argument [8]. Subsequently, they
derandomized their approach to provide an algorithmic embedding in
[9]. In this paper we give a different proof of the algorithmic version of
the blow-up lemma. Our approach is based on a derandomization of a
probabilistic proof of the blow-up lemma given in [13]. The derandom-
ization utilizes the Erdés-Selfridge method of conditional probabilities
and the technique of pessimistic estimators.

1 Introduction

Given a graph G and two disjoint subsets U and W of its vertex set V(G),
denote by e (U, W) the number of edges of G with one endpoint in U and the
other in W. Define the density dg (U, W) of the pair (U, W) in G by dg(U, W) =
%. Let € > 0, and let G = (V1, Va; E) be a bipartite graph. G is called e-
regular if for every pair of sets (U, W), U C Vi, W C Vi, |U| > €|V1|, [W]| > €|V2|,

|da(U,W) —da(V1,V2)| <. (1)

Let ¢ > 0 and 0 < d < 1. A bipartite graph G = (V1,V5; E) is called super
(d, €)-regular if the following conditions hold:

(i) G is eregular,
(i) for each v € V;, (d — €)|V3—;| < deg(v) < (d+¢€)|Va_;], i =1,2.

Super (d, €)-regular graphs with |V;| = |Va| = n and d > 2e satisfy the Hall
condition and thus contain a perfect matching. In fact, as it has been shown in
[2], the number of perfect matchings in such graphs is close to d"nl.

Given two graphs H and G on the same number of vertices, we call a bijection
f:V(H) = V(G) an embedding of H into G if f maps every edge of H onto an
edge of G. In other words, f is an isomorphism between H and a subgraph of
G. In [8] the following result was proved.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'’ 98, LNCS 1518, pp. 25-34, 1998.
[ Springer-Verlag Berlin Heidelberg 1998
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Theorem 1 (Blow Up Lemma). For every choice of positive integers r and
A, and 0 < d < 1, there exists an § > 0 and an integer n = n(J) such that the
following holds. Let G be an r-partite graph with all partition sets Vi,...,V, of
order n and all (g) bipartite subgraphs G[V;,V;] super (d,0)-reqular. Then, for
every r-partite graph H with mazimum degree A(H) < A and all partition sets
X1,..., X, of order n, there exists an embedding f of H into G that maps X;
onto Vi, i =1,2,...,r.

Hence, it is possible to embed any graph H with bounded maximum degree as
a spanning subgraph of a dense, e-regular graph G. The Blow-up Lemma together
with the Regularity Lemma of Szemerédi [15] enable one to tackle and solve
difficult problems like the Pésa-Seymour conjecture on powers of hamiltonian
cycles [10] or the Alon-Yuster conjecture on perfect F-matchings [11]. Since the
Regularity Lemma has been already made algorithmic in [1], it is very important
to provide a constructive version of the Blow Up Lemma too.

The idea of the original proof of Theorem 1 (cf. [8]) involves sequentially
embedding the vertices of H into G while the sets of candidates for images of
unembedded vertices are not threatened. When all but a small fraction of the
vertices are already embedded, the remaining vertices are all embedded at once
using the Konig-Hall theorem. In [13] an alternative proof, using random perfect
matchings of super regular graphs, where H is embedded into G in only a con-
stant number of rounds, was proposed. In this paper we present an algorithmic
version of that proof. (An algorithmic version of the original proof of Theorem
1 can be found in [9].)

Theorem 2. There is an algorithm EMBED which, in time polynomial in n,
does the following. Given an r-partite graph G with all partition sets Vi, ..., V. of
order n and all (;) bipartite subgraphs G[V;,V;] super (d,0)-regular, and given
an r-partite graph H with mazimum degree A(H) < A and all partition sets
X1,..., X, of order n, where r and A are arbitrary positive integers, 0 < d < 1,
and 0 = 6(r, A, d) > 0 is sufficiently small, EMBED constructs an embedding f
of H into G that maps X; onto V;, i =1,...,7.

The algorithm EMBED consists of two phases. In the preliminary Phase 1,
outlined in Sect. 2, refinements of the partitions of V(H) and V(@) are obtained
and new edges are added to both H and G. Then in the main Phase 2, described
in Sect. 3, H is embedded into G with the partition sets mapped accordingly. At
the end of Sect. 3 a more formal description of algorithm EMBED is provided.
As a crucial ingredient, we need to derandomize a probabilistic result on random
perfect matchings of a super regular graph (the Catching Lemma). This part,
which we believe is of independent interest, is treated in Sect. 4.

2 Partitions and Enlargements

In this section we describe how to construct finer partitions of V(H) and V(G).
This will be done by the algorithm PARTITION. We will only outline its two
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major steps. As an input, H and G are the graphs described in Theorem 2
with initial partitions V(H) = X; U---U X, and V(G) = V1 U---UV,, and
X =Vil=n,i=1,...,r.

PARTITION V (H):

Let ! be the unique positive integer so that

2A +1 <28 <4A? (2)
Partition each X; into t = 2! sets Xij,j=1,...,t, of size m or m +1 where
m = [27!n| so that each pair of distinct sets (X, j,, Xip,j») spans in H a
(possibly empty) matching.

To obtain the finer partition of V(H), we will use an algorithmic version of
a result on graph packing by Sauer and Spencer given in [14]. Given two graphs
I' and I'" on the same n-vertex set V, we say that a bijection 7 : V' — V is a
packing of I' and I'" if E(I') Nw(E(I"")) = (), where
*(B(I") = {(r(u), 7(v)) : (u,v) € B(I)}.

Lemma 1. Let I' and I'" be two graphs on an n-vertex set V satisfying
2A(INA(I") < n. There exists a polynomial-time algorithm PACK that finds a
packing of I' and I"'.

We apply algorithm PACK as follows. Given a graph I', the square of I,
denoted by I'?, is the graph obtained from I' by joining each pair of distinct
vertices of I" whose distance is at most 2 by an edge. Denote by I'; the subgraph
of H? induced by X;. Set y = n — 2'm and let I’ be the vertex-disjoint union of
2! —y cliques of order m and y cliques of order m + 1. Note that A(I}) < A? and
A(I'") = m, so we have 2A(I5)A(I") < n. Hence, applying the algorithm PACK
to I'; and I as defined above yields a finer partition of X; into 2’ sets X; ;, of
size m or m + 1, which are independent in H2. Clearly, the edges of H which go
between any two such sets are pairwise disjoint. Thus, each pair of distinct sets
(Xi1.51» Xis,j») spans in H a (possibly empty) matching.

PARTITION V(G):

Partition each V; into t = 2! sets Vij, 7 =1,2,...,t, of size m or m+ 1 so
that |V; ;| = |Xi4l, 1 =1,2,...,r, 7 = 1,2,...,¢t, and so that each pair of
distinct sets (Vi, ji, Vio j») With i1 # 42 spans a super (d, 2(A? + 1)d)-regular
subgraph.

As the resulting partition sets have size at least m > n/(2A% + 2), the
2(A? + 1)é-regularity of all pairs follows immediately from the assumption that
all pairs (V;,V;) are d-regular. To establish the super regularity we have to
control how the degree of every vertex splits between the new partition sets. For
this we recall a slight extension of a result of Alon and Spencer given in [3]. It
derandomizes a standard application of Chernoft’s bound.
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Lemma 2. Let F be a family of k subsets of an n-element set 2. There exists
a polynomial-time algorithm HALF that partitions (2 into 2 = 2T U 2~ such
that for each F € F,

(L e
2 2
where 3 = \/2nlog(2k).

We construct the finer partition of each V; in [ iterations where [ is defined in
(2). In the first iteration, we apply HALF to F = {V;} U{N(v)NV; : v ¢ V;}.
Thus, V; and all of the neighborhoods in F get roughly halved and two new
families are generated. In the second iteration, we apply HALF twice, once to
each family. This generates four new families, etc.

More generally, the j-th iteration will consist of applying HALF once to each
of the 27~! families that are generated in the (j — 1)-st iteration. After the [-th
iteration, each V; is partitioned into ¢ = 2! sets so that each set has size roughly
m and also each neighborhood has shrunk in the same proportion. To ensure
that the convention |V; ;| = |X; ;| is satisfied for allé =1,...,rand j = 1,...,t,
we arbitrarily move vertices around. This affects the degrees very little. The
cumulative error introduced by this procedure is only O(8) = o(n). The super
(d,2(A?% + 1)6)- regularity of the subgraphs spanned by pairs of these refined
partition sets follows easily.

Below we outline a simple procedure ENLARGE which is performed merely
for convenience. It smoothes out the recursive embedding described in the next
section.

Given a bipartite graph I' = (U, V; E), amatching M C E is called saturating
if |M| = min(|U], |V]).

F
<irnotrne < By 2 &

ENLARGE E(H) and E(G) :

(i) Add edges to form a supergraph H' of H so that each pair (X;, j,, X, j,)
spans a saturating matching.

(ii) Add edges between the pairs (Vi j,, Viy.j») With i1 = 4y (i.e. pairs with
density 0) to form a supergraph G’ of G so that each such pair spans in G’
a super (d,2(A? + 1)§)-regular subgraph.

In step (i), we may insert between each pair (V;, j,, Vi, ), i1 = 2, the same
(our favorite) super (d,2(A? + 1)d)-regular graph.

Note that every embedding of H' into G' that maps X; ; onto V; ; for all 4
and j yields a desired embedding of H into G.

3 Embedding

After the finer partitions of V(H) and V(G) have been obtained, we rename
the sets X; ; and V;; to Y; and W; and restore the notation H and G for H'
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and G'. More precisely, with s = rt, H is now an s-partite graph with partition
V(H)y=Y1U---UYs, where m + 1 > |Y1| > ... > |Ys| > m, so that each pair of
distinct sets (Y3, Y;) spans a saturating matching. Similarly, G is now an s-partite
graph with partition V(G) = Wy U---UW;, |W;| = |Y;| foreach j =1,...,s, s0
that each pair of distinct sets (W;, W;) spans a super (d, €)-regular graph where
€ =2(A% +1)6.

The goal of this section is to outline how algorithm EMBED from Theorem
2 constructs an embedding of H into G so that each Y; is mapped onto the set
W;.

Before describing the embedding, we introduce some definitions and notation.
For every 1 < j < s—1 and each vertex x € Y11 U---UYj, let Nj(x) denote the
set of precisely j neighbors of  which belong to Y; U---UYj. Given a bijection
fj between Y1 U---UY; and W1 U---UW;, let M;(z) = f;(N;(z)). Given f;, for
eacht = j+1,...,s, we define a bipartite auxiliary graph A;- with bipartition
(Yz, Wy) and edge set

E(A;) ={zv:z €Y, v €W, and uv € E(G) for each u € M;(z)}. (4)

We call the graphs A’ candidacy graphs because the edges of A} join a given
vertex € Y; to all vertices of W; which, after f; embeds Y; U--- UY] onto
Wi U---UWj, are still good candidates for the image of .

We will embed H into G recursively. Let f; be any bijection between Y;
and Wi. Assuming that there exists an embedding f;_1 of H[Y; U---UY;_4]
into G[W; U --- U W;_1] so that the candidacy graphs A§>1a t=1j4,...,s, are
super (d/~1,e;_1)-regular, extend f;_1 to f; by constructing a perfect matching
0j:Y; - Wjin A;fl which makes the graphs A;, t=j+1,...,ssuper (&,¢€;)-
regular, and set f;(z) = fj_1(z) if x € Y1U..UY;_1 and f;(z) = 0;(z) if z € Y].
This operation of extending f;_; to f; will be designated by f; < fj—1 + 0.
(Here and throughout we view a perfect matching as a bijection along the edges
of a bipartite graph rather than as a set of edges.)

Note that the instance j = s yields the desired embedding. The request to
make all future graphs A§- super regular serves to carry over the recursion. The
existence of the perfect matching o; follows from a result called the Four Graphs
Lemma given in [13]. Its probabilistic ingredient is Lemma 4 below which we
will refer to as the Catching Lemma. We will first explain how the Four Graphs
Lemma works. Then, in the final section, we will outline how to derandomize
the Catching Lemma.

Let 2 < j <t < s be fixed and consider the following graphs:

1. Let IY = A7 .

2. Let I, = Fg’t be the bipartite graph spanned by the pair (W;,W;) in G.

3. Let I3 = Fg’t denote a bipartite graph with bipartition (Y;, W;) such that
Tw € E(Fg’t) if and only if yw € E(A;-fl), where y is the unique neighbor
of z in Y;. (If [Y;| = |Y3| — 1 then there is one vertex z; in Y} with no match
in Y;; in such a case we arbitrarily join z; to |d/~!(m + 1)| vertices of Wy;
however, for clarity of exposition we do assume that |Yj| = |Y%].)
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4. Given a perfect matching o in Flj, let A, = Af',"t be a subgraph of Fg’t SO
that zw € E(AJ?) if and only if both zw € E(IY") and o(z)w € E(I}").

Observe that I} is isomorphic to A%_, and AZ* is isomorphic to A%. Observe
also that by the induction hypothesis, both I/ and Fg’t are super (d!,€;_1)-
regular (in the “ugly” case when |Y;| = |Y;| — 1, adding the vertex x; and its
neighbors could slightly affect the super regularity of Fg - to be on the safe side
one would need to double €;_1). Finally, by our assumption on G, F2j " is super
(d, €)-regular.

The Four Graph Lemma asserts (under one additional assumption) that most
of the perfect matchings o of I/ are such that the graphs A2f t = j +1,...,s,
are all super (d’,¢;)-regular, where €; = h(ej—1) and h is an easily computable
function which decreases to 0 when its argument does so. The additional demand
is that the endpoints of each edge of I'}/ have about dm common neighbors in
each Y;. Precisely, for every edge vu € Flj and for each t = j+1, ..., s, we require
that

(&7 — €)m < |Np,(v) N Np, (u)] < (& + €)m . (5)

It can easily be conformed with by throwing away the edges of Flj which fail
to have this property. We omit the description of algorithm PEEL which does
it. The residual subgraph I is still super regular with slightly bigger second
parameter (c.f. Fact 1 in [13]). From now on we will be assumimg that I”/
does satisfy this additional assumption, i.e. we set I'lj — f‘lj. This constraint
guarantees that for every perfect matching o of Flj , and for each t, the degree
da, (z) of each vertex # € Y; is close to d’m. Observe that da, (v) for v € W,
is precisely equal to the number of edges of o which connect a vertex of N, (v)
with a vertex of N, (v). The Catching Lemma assures that this number is right
for most of the ¢’s. Hence, provided we can derandomize the Catching Lemma,
the second condition in the definition of a super regular graph is taken care of.
To establish the e;-regularity alone of 47 we rely on the following criterion from

[1].

Lemma 3. If I' = (U,V;E), |U| = |V| = m, is a bipartite graph with at least
(1 — 5¢)m? /2 pairs of vertices wy,wy € U satisfying

(1) deg(wy),deg(ws) > (d — €)m, and
(ii) |N(w1) N N(w2)| < (d+ €)*m,

then I is (16€)'/5-regular.

Note that |[N4, (v1)N N4, (v2)| equals the number of edges of o which connect
a vertex of N, (v1) N Np, (v2) with a vertex of Np, (v1) NN, (v2). For most pairs
v1,vy € Wy neither of these sets is too large (call these pairs good) and, by the
Catching Lemma again, there cannot be too many edges of a random o between
them. The probability of failure is exponentially small, so that we are in position
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to demand that a random perfect matching of Flj simultaneously inserts the right
number of edges between each pair Nr, (v), Nr,(v) forallv € Wi, t = j+1, ..., s,
as well as between each pair N, (v1)N Np,(v2), N, (v1)N N, (v2) for all good
pairs v1,v2 € Wi, t=7+1,...,s.

In the next section we describe an algorithm CATCH which constructs the
desired perfect matching. We wrap up this section by a description of algorithm
EMBED.

Algorithm EMBED

Input: r-partite graphs H and G as in Theorem 2.

Output: An embedding f of H into G so that each X; is mapped onto Vj;,
1=1,...,r.

Phase 1:

1. Apply PARTITION to V(H) and V(G) and denote the output by V(H) =
YiU---UY, and V(G) = W1 U---U Wy, where
m < Vil = W] < o < [V = Wl <+ 1.

2. Apply ENLARGE to H and G with output H' and G';
H + H' and G + G".

Phase 2:

1. Let f; be any bijection from Y; to Wj.
2. j + 2 ; WHILE j < s DO:
(a) Apply PEEL to Flj; denote output by f‘lj;
rj «ryj.
(b) Apply CATCH to the graph I'lj and to the pairs
(NI-‘éi,i(’U), Nrg,t(v)), veW,t=75+1,..s,
(Nrg'i (v1) N Npge (v2), Nrsf’i (v1) N Nrg'i (v2))
for all good pairs vy,vs € Wi, t =35+ 1,...;s;
denote the output by o;.
() fi+ fim1+oj,j«j+1
3. f« fs

4 Catching

The Catching Lemma appeared first in [13] (c.f Lemma 1). The name comes from
the fact that a pair of sets catches in between a number of edges of a random
perfect matching which is close to its expectation. In our application to the Four
Graphs Lemma described in Sect. 3, we actually have k = ©(m?) of these pairs.

Lemma 4 (Catching Lemma). For every choice of three real numbers 0 <
d,dy,ds < 1 there exists € > 0, ¢ = c(e), 0 < ¢ < 1, mg(e) and a function
g(x) = 0 as x — 0 such that the following holds. Let I' be a super (d, €)-regular
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graph with bipartition (V1,Va), |[Vi| = |Va| = m > my(e), and let S; C V4,
d1m S |S| = S; S dgm, and Ti g VQ, d1m S |T| = ti S dQ, 1= 1,2,...,k,
where k = O(m?). Then, for a perfect matching o of I', drawn randomly with
the uniform distribution, the event that for each i =1,2,...,k

siti/m — g(e)m < |o(S;) NT;| < siti/m + g(e)m (6)
holds with probability at least 1 — c™.

As it was explained in Sect. 3 we need to design a subroutine CATCH,
which derandomizes the above lemma simultaneously for all pairs (S;,T;), i.e. a
procedure which constructs the desired perfect matching of I.

How to derandomize this lemma, i.e. how to effectively find the required
perfect matching? The most straightforward approach seems to be the Erdds-
Selfridge method of conditional probabilities (see [4]) and the technique of pes-
simistic estimators (see [12]). In basic terms, pessimistic estimators are easily
computable functions that are used to provide an upper bound on probabilities
that cannot be computed efficiently. Here, the situation calls for just such a tech-
nique, since it is not known how to compute the exact probability of the event
that there exists an 4 such that |o(S;) N T;| falls outside the required interval.
However, as these upper bounds hold true only as long as the size of the resid-
ual subgraph of I' remains reasonably large, at some point we need to stop the
procedure and complete the current matching by any matching we can possibly
find in the leftover graph. The problem we immediately face is that this leftover
subgraph, though €'-regular for some €', does not need to be super regular and
therefore may not have a perfect matching at all.

To overcome this difficulty we invoke a new idea. Take a subgraph I’ of I" on
half of the vertices so that the other half is super regular and every set S; and T;
is roughly halved, and find a suitable almost perfect matching in I'’. By suitable
we mean one which satisfies (6) with respect to the halves of the sets S; and
T;, and with g(e) replaced by %g(e). We then move the leftover vertices to the
other half which still remains super regular and repeat as long as the remaining
part is larger than %g(e)m. Finally we find a perfect matching in the leftover
subgraph of I" which is so small that it cannot affect the required property of
the constructed perfect matching o. (The third 1/3 serves as a cushion for all
the inaccuracies we commit along the way.)

More formally, we prove the following theorem.

Theorem 3. There is a polynomial time algorithm CATCH which for a given
super (d, €)-reqular bipartite graph I' and k = O(n?) pairs of sets (S;,T;), as in
Lemma 4, finds a perfect matching o of I' such that for each i = 1,...,k, the
inequalities (6) hold.

The algorithm CATCH uses 3 subroutines: HALF, MATCH and HALL. Pro-
cedure HALL just finds a perfect matching in any bipartite graph satisfying
Hall’s condition. We may use, for instance, the algorithm of Hopcroft and Karp,
given in [6], of complexity m5/2.
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Procedure HALF is defined in Lemma 2.

Procedure MATCH does the same job as CATCH, but in the space of almost
perfect matchings, i.e. matchings covering all but /en vertices on each side.
With the same input as CATCH it outputs an almost perfect matching ¢’ which
satisfies condition (6) with g(e) replaced by 1g(e), along with a pair of leftover
sets Ly and Ly, both of size y/en.

Algorithm MATCH is based on a probabilistic lemma very similar to Lemma,
4 above. To derandomize that lemma we indeed apply the Erd&s-Selfridge method
of conditional probabilities. As we are now after an almost perfect matching, the
problem of finishing it off no longer exists. For details see the full size paper.

We conclude this extended abstract by a description of the algorithm CATCH.
Given two disjoint matchings o and o', their union will be denoted by o + o’.

Algorithm CATCH

Input: A super (d, €)-regular graph I' = (U, V; E) with |U| = |V| = m, and
sets (S;,T3), i =1,...,k, as in Theorem 3.

Output: A perfect matching o : U — V that satisfies, for eachi = 1,2, ..., k,
inequalities (6).

1. 0« 0.
2. WHILE |U| > £g(e)m DO:
(a) Apply HALF to {U, S;,i =1,...,k, Np(v),v € V}. Denote the output by
U1 and UQ.
(b) Apply HALF to {V,T;,i = 1,....,k, Nr(u),u € U}. Denote the output by
Vi and V5.
(C) Apply MATCH to F[Ul,Vl] and (Sz N Ul,Ti N Vl), 1= 1, ,k‘ Denote
the output by o', Ly and Ly .
(d) o« o+0,
U+UsULy,V < VoULy,
I« I, v,
Si <—SiﬂU, Ti<—TiﬂV,i: 1,...,]{:.
3. Apply HALL to I'[U, V]. Denote the output by o';
oc+—o+o.
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Abstract. Given a hypergraph and a set of colors, we want to find a
vertex coloring to minimize the size of any monochromatic set in an edge.
We give deterministic polynomial time approximation algorithms with
performances close to the best bounds guaranteed by existential argu-
ments. This can be applied to support divide and conquer approaches to
various problems. We give two examples. For deterministic approximate
DNF counting, this helps us explore the importance of a previously ig-
nored parameter, the maximum number of appearance of any variable,
and construct algorithms that are particularly good when this parame-
ter is small. For partially ordered sets, we are able to constructivize the
dimension bound given by Fiiredi and Kahn [5].

1 Introduction

A hypergraph H(V, E) consists of a set V' of nodes and a set E of edges, where
each edge is a subset of nodes. An undirected graph is just a hypergraph where
each edge contains exactly two nodes. There are four parameters associated with
a hypergraph:

n = |V|, number of nodes.

m = |E|, number of edges.

t = max{|e| : e € E}, size of the largest edge. We will write E C V=t

d = max{deg(v) : v € V'}, where deg(v) = |{e € E : v € e}|. d is called the

degree of H.

Given k colors, we want to color nodes so that no color appears more than
¢ times in any edge. Clearly ¢ > p = %, and we want to have ¢ = pa for a as
small as possible. This problem was studied before by Srinivasan [11], who gave
the following (nonconstructive) existential bound for ¢:

O(tozlog ay77) Otherwise.
We give a deterministic polynomial time algorithm for finding a coloring with
c= Ol) log(dt) if ju = $2(log(td)) )
O(log((loggW) otherwise.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM' 98, LNCS 1518, pp. 35-46, 1998.
O Springer-Verlag Berlin Heidelberg 1998



36 CJ Lu

When t = d°M) or p = 2(log(td)), our bound for ¢ is within a constant factor
of the bound given by Srinivasan. Also, for our applications below, our bound
suffices. In fact, a much more involved method can actually constructivize Srini-
vasan’s bound for ¢, but we leave it to a later paper.

Notice that such a k-coloring partitions the original hypergraph into &k sub-
hypergraphs, one for each color. In each sub-hypergraph, every edge now has at
most ¢ edges. This turns out to support some divide and conquer approaches.
We will give two examples.

Our first application is to the deterministic DNF approximate counting prob-
lem. Given a DNF formula F' of n variables and m terms, we want to estimate
its volume, defined as

’UOl(F) = PmE{O,l}" [F(:E) = 1],

within an additive error e. Luby, Velickovi¢, and Wigderson [7], following the
work of Nisan [8][9], gave a deterministic 20(log” %) ime algorithm. Luby and

mlogn)(%)(Qo(\/l‘)glOg )

Velickovié¢ [6] gave a deterministic 2018 %= ) time algorithm,
which is good when large error € is allowed. Note that a DNF formula F' can
be naturally modeled by a hypergraph, with nodes corresponding to variables
and edges corresponding to terms. Now the degree d of the hypergraph indi-
cates the maximum number of times a variable is read in F'. This parameter has
not received attention before for this problem, and is our focus hel;el. We con-
P AER)) and

mn

struct deterministic algorithms with running times 20((log =) (log

mlogn 117604/ log(d log )
2(log =252 (log £)(2 ") respectively. Note that d is at most m, so our
first algorithm is never worse than that of Luby, Velickovi¢, and Wigderson [7],
and is particularly good when d is small and € is large. Our second algorithm
is better than that of Luby and Velickovi¢ [6] when d < 238" £ and is better
than our first algorithm when d < 24(loglog ).

Our second application is to dimensions of partially ordered sets (posets).
Let (P, <) be a poset. Its dimension, denoted as dim/(P), is defined to be the
minimum number of linear extensions Li,...,Lg such that P = LiN---N Ly
(e, z <y iff z <z, y for all 7). For z € P, let U(z) = {y € P : y > z} be the
set of upper bounds for z, and let C(z) = {y € P:y > z or y < z} be the set
of elements comparable to z. Fiiredi and Kahn [5] gave the following existential
bound: for some constants ¢; and cs,

dim(P) < r = min{c;tlog® t, coulog | P|},

where t = max,cp |C(z)| and v = max,cp |U(x)|. One key ingredient in their
proof is the hypergraph coloring problem, where a poset (P, <) is modeled by a
hypergraph H(V,E) with V. = P and E = {U(z) : « € P}. Using our coloring
algorithm, together with other ideas, we are able to constructivize their existence
bound. That is, we give a deterministic polynomial time algorithm for finding
O(r) linear extensions with intersection equal to the given poset.

We believe that there should be more applications of our hypergraph coloring
algorithm.
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2 Hypergraph Coloring

Consider a hypergraph H(V, E) with n = |V|, m = |E|, E C V<!, and degree
d. We want to color nodes with k colors such that no edge contains ¢ nodes of
the same color. For a coloring, call an edge bad if it contains ¢ nodes of the same
color, and call a set of edges bad if all edges in it are bad. Our goal is to find a
good k-coloring  such that no edge is bad. If we choose v randomly, then for an
edge e,

P, [e is bad] < (Z) (%)Ck < (S—;)Ck.

From the Lovész local lemma [4], a good k-coloring existes provided (f—z)ckdt <
i. However, a random k-coloring sometimes is good with exponentially small
probability, and it is not obvious how to find such a good coloring, even proba-
bilistically. Beck [2] had the first success in derandomizing the local lemma, and
Alon [1] later adapted Beck’s idea to derandomize more applications of the local
lemma. We will follow their approach closely.

Our main result in this section is a deterministic polynomial time algorithm

to find a good k-coloring, satisfying

9. .k 1

=)= (dt)* < =
(G5! < 4.
which leads to the bound for ¢ given in Eq (1). For this value of ¢, a random
g—coloring turns an edge e bad with probability less than p = (J;)*. We first
give a randomized algorithm and then we derandomize it.

2.1 A Randomized Algorithm

There will be at most three phases, each using a distinct set of g colors. The
intuition is that a random g—coloring is unlikely to have a large cluster of bad
edges and that each bad cluster can be recolored separately, for a proper defi-
nition of “ cluster”. For a hypergraph H, its line graph Ly is the graph where
nodes are the edges of H and two nodes are adjacent iff the corresponding edges
in H intersect. Let L(I;’b) be the graph with the same node set but now two
nodes are adjacent iff their distance is exactly a or b in Lg. Call a set of edges
in H an (a,b)-tree if the corresponding nodes in Lg’b) are connected. Our al-
gorithm consists of phases. In the first phase, we find a %—coloring such that all
bad (1, 2)-trees have size O(dtlogm). Then we try to recolor each bad (1, 2)-tree
separately, using a new set of g colors. If m is small, the recoloring can be done
in the second phase. Otherwise we need another phase, using another set, of %
colors.

Phase 1:

In this phase, we will find a %—coloring such that all bad (1, 2)-trees have size
O(dtlog m). First we need the following lemma:
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Lemma 1. For some u = O(logm/log(dt)), the probability that a random %-
coloring has a bad (2,3)-tree of size u is (1/m)?().

Proof: Any two edges of a (2, 3)-tree have no node in common, and the events of
3
each being bad are independent. As there are at most m ((dtl)L ") (2,3)-

trees of size u, and each one is bad with probability at most p*, the probabilty
that a random %-coloring has a bad (2, 3)-tree of size u is at most

3

m(3(d)'p)* < m(

) = (1/m)?0.
O
As a (1,2)-tree of size dtu must contain a (2, 3)-tree of size u, a random %-
coloring with high probabilty will have no (1,2)-tree of size dtu = O(dtlogm).
In the next section, we will show how to find such a %—coloring deterministically,
by using the standard technique of conditional probability with a pessimistic

estimator.

Phase 2:
k_

Suppose we have found a z-coloring with no bad (1, 2)-tree of size dtu. Then
we try to recolor these bad (1,2)-trees . Let T' = (Vr, Er) be a bad (1,2)-tree .
When we recolor nodes in 7', those good edges intersecting T are also affected,
and we want to make sure that they won’t turn bad after the recoloring. So
together with 7', we also take into account those good edges but with nodes not
in T removed, and consider the coloring problem for this hypergraph S. More
precisely, S = (Vs, Eg) where Vo = Vr and Es = {eNVs:e € Eg,enVg # (}.
It’s easy to see that the condition of the local lemma still holds and a good
g—coloring exists for S. We will use a different set of g colors in this phase. If we
find a good %—coloring for S, then after this recoloring, no edge of H intersecting
T is bad. Now as each edge of H intersects at most one bad (1,2)-tree , we can
repeat, this recoloring process for each bad (1,2)-tree , using the same new set
of % colors.

Note that now |Eg| < (dt)?u. Suppose /logm/loglogm < dt. Then the
probability that a random g—coloring has a bad edge in S is at most

1
40 1ya _
[Bslp < (d)'()* = 1.

We can find a good %—coloring in deterministic polymonial time, using again the
technique of conditional probability.

Otherwise, when dt < y/logm/loglogm, we can find a %—coloring such that
all bad (1,2)-trees have size at most

O(dtlog((dt)* logm)/log(dt)) = O(y/logmloglogm/log(dt)),
similarly to phase 1. Then we enter pahse 3.

Phase 3:
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Now as t < y/logm/loglogm, each bad (1,2)-tree has O(logm/log(dt))

nodes, and we can use an exhaustive search to find a good %—coloring in deter-
ministic (&)0Uegm/1og(dt) = O time.

2.2 Derandomization of Phase 1

Let R denote the set of all (2,3)-trees of size u = O(I:)OgngZ))’ and let B denote
the event that some tree in R is bad. From Lemma 1, we know that the bad
event B is unlikely to happen under a random g—coloring . But how do we find
a good coloring deterministically? The idea is to use the standard technique of
conditional probability with a pessimistic estimator, introduced by Raghavan
[10]. We want to color nodes one by one. The color of each node is chosen to
minimize the probability of having the bad event B if we randomly g—color
the remaining nodes. The hope is that the final coloring is a good one because
the final conditional probability, which is either 0 or 1, is at most the origional
unconditional one, which is less than 1. However, it’s not easy to compute the
exact conditional probability at each step here. So we use a pessimistic estimator
instead.

Suppose that we have already assigned colors 7y, ...,7; to nodes vy,...,v;.
We will overestimate the conditional probability

Pi(’Yl,---,'Yi) = P'Yi+17---")’n[B | 71:---772'];

by the following pessimistic estimator:

Ai('yla"'afyi) = Z H Z P’Yi+1a~~~77n[m0n0(‘[) | 71:---772']’

TERe€T ICe,|I|=c

where mono(I) denotes the event that I is monochromatic. It’s easy to see
that P;(y1,...,v) < Ai(y,...,7v:) for all ¢ and all 7,...,7;, and also that
Ag = (1/m)*?D from Lemma 1. Now,

Ai('yla"'afyi) = Z H E’Yi+1 Z P’Yi+2,---,’yn[m0n0(-[) | '717"'77i+1]

TeRecT ICe,|I|=c
=2 B [ X Puaconlmono(D) [ 71,174
TeR e€T ICe,|I|=c

= E’Yi+1Ai('717 s 77i+1)7

where the second equality is because each edge e in T intersects no other edges
in T. We pick ;11 to minimize A;(y1,-.-,7i, Vi+1)- Then we have

1> 40> A1(m) > As(11,72) >+ > An(15--,70) = Pa(11,- - -, )

P,(v1,---,79n) is either 1 or 0 dependending on whether the coloring ~1,...,vx
results in a bad (2, 3)-tree of size u. As Pn(v1,.-.,7) < 1, there is no bad
(2, 3)-tree of size u, and we have found a good £-coloring .
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It remains to show that for any i and any v1,...,7:, Ai(1,...,7) can be
computed efficiently. There are m©®™) (2, 3)-trees of size u in R. It can be shown
that enumerating all of them takes polynomial time. We omit the proof here. For
each (2, 3)-tree T and any edge ein T', 3~ ;. 7= Prisaveya mono(l) [ 71, ..., il
also can be easily computed. So A;(v1, .. . ;) can be computed in deterministic
polynomial time.

3 DNF Approximate Counting

Each finite set is associated with a natural distribution, the uniform distribution
over its elements, and we won’t make the distinction between a set and its
natural distribution when it’s clear from the context. Given a DNF formula F
on n variables, we’d like to know its volume, vol(F) = P.co,1}»[F(z) = 1].
Valiant [12] has shown that it’s #P-complete to compute the exact value, so we
settle for an approximation. The standard approach is to find a pseudorandom
distribution using many fewer random bits that can still fool F'.

Definition 1 A function g : {0,1}" — {0,1}" is called an e-generator for a
boolean function F : {0,1}" — {0,1} if

|Pm€{0,1}" [F(x) =1] ﬁpye{o,l}T[F(g(y)) =1]|<e

A function g is called an e-generator for a class of boolean functions if it is an
e-generator for each function in this class.

So the algorithm for approximating vol(F') is to find an e-generator g for
F and then compute 5~ > yeqo1y F(9(y)), the expected value of F over the
pseudorandom distribution generated by g. The running time is proportional to
2", and the key point is to reduce r. Notice that we can have different function
g for different F'.

Clearly there are three important parameters that help determine the diffi-
culty of this problem: the number n of variables, the number m of terms, and
the error e allowed. We discover the importance of another parameter d, the
maximum number of terms that a variable can appear. Let DNF; denote the set
of DNF formulas with each variable appearing in at most d terms. Such formu-
las are usually called read-d-times DNF formulas. In the following, we will also
assume that each term in a formula F' contains at most ¢ = log ** literals. This
is because we can always remove those terms containing more than ¢ literals to
get another formula F' such that |P,[F(z) = 1] < P.[F'(xz) = 1]| < ¢, and then
consider the formula F’ instead. Let tDNF, denote the set of DNF,; formulas
with no term containing more than ¢ literals. This is the class of formulas we
consider in this section. For convenience, we also assume that n = m®®),

A tDNF, formula F' of n variables and m terms can be seen as a hypergraph
H(V,E) with |V| = n, |[E| = m, E C V=! and degree d. We can use the
algorithm in the previous section to find a k-coloring of variables such that no
¢ literals are monochromatic in a term, for some k& and ¢ to be chosen later.
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Let V;, 1 < ¢ < k, be the set of variables with color i. If we fix values to all
variables not in V;, we get a cDNF, formula on V;. Suppose that for 1 <i < k,
gi - {0,1}" — {0,1}1Y] is an e-generator for all cDNF, formulas on the variable
set V;. Define g : {0,1}" — {0, 1}", with r = r1+---+rp and n = |Vi|+- - - +|Vi/,
such that those bits corresponding to V; are generated by g;.

Lemma 2. The function g defined above is a ke-generator for F.

Proof: For 1 < i <k, let U; denote the uniform distribution over {0, 1}!Vil for
the variables in V;, and let S; be the corresponding pseudorandom distribution
generated by g;. Let D; denote the distribution S; x --- x S; X U1 X -+ X Uy,
and let D! denote the distribution S; X -+ x S;_1 X Ujy1 X -+ X Uy. For y € D;
let F, denote the resulting formula from F' by assigning the value y to the
corresponding variables. Fy is a cDNFy formula on variable set V;. Then

[vol(F) & Prepy [F(x) = 1| = |Peeno[F(2) = 1] & Prep, [F(x) = 1]|

k—1
< |Piep,[F(x) = 1] ©Pecp,, [F(z) = 1]]
i=0
k—1
< Byep!|Pecs,[Fy(2) = 1] ©Pecy,[Fy(2) = 1]]
=0
< ke.

Dy, is the pseudorandom distribution generated by g. So g is a ke-generator for
F. O

It remains to find such e-generators for cDNF,;. We will give two constructions
according to two different values of k and c.

3.1 Construction I, ¢ = O(log %) and k = O(%)

For a DNF formula G, a subformula of G is a formula with some of G’s terms
removed. Let [ = 2°In 1 = (£)0W and m’ = d(l & 1)c = (£)9M). We will see
that any ¢cDNF4 formula G has a subformula of at most m’ terms with almost
the same volume. This suggests the following lemma.

Lemma 3. Suppose that G is a cDNF, formula and g is an e-generator for all
subformulas of G with at most m' terms. Then g is a 2e-generator for G.

Proof: When G, after simplification, has at most m’ terms, g is certainly an e-
generator for G. When G has more than m’ terms, it has | disjoint terms because
otherwise some variable would appear more than m’/((l ©1)c) = d times. Let T
denote the OR of those [ disjoint terms. Then

1> vol(G) > vol(T) > 1 (127 > 1ee 2 2/ =1 o
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As g is an e-generator for T', we have
1> P,[G(g(y) = 1] > P,[T(g(y)) = 1] > vol(T) &¢ > 1 &2,

Then |vol(G) ©P,[G(9(y)) = 1]| < 2e. O
It remains to show how to find such an e-generator for all subformulas with at
most m’ terms from any G € cDNFy. We will show that the generator of Luby,
Velickovié¢, and Wigderson [7] can be slightly modified to suit this purpose. For
more detail, please refer to [7].
First, we fix the following parameters:

n' =cm' = (
b =log % =O(log &),
s=b>=0(log” 4),
r = 24cb® = O(log* ), and

€ o(log? 4t
= 0= farwinm = (3)70°8 )

@)0(1),

Following [7], we want to construct a set system. For any subformula T' of of
G with m' terms, we call a family of n subsets Si,...,S, C {1,...,r} good for
T if they satisfy the following two conditions:

— for any variable z; of T, |S;| < s, and
— for any variable z; of T' and any term of T with variables {z; : j € B},
1Si N (Ujer\{i}Si)| < b.

We will choose them randomly from an approximate 2b-wise independent space.

Definition 2 An (n,k,p,d) space consists of a sequence of n binary random
variables x1, ..., Tn, such that for any I C {1,....,n} with |I| <k,

|P[Vi e I,z; =1]epl| <4

Let y;;, for 1 <i <nand 1 <j <r, be sampled from an (nr, 2b, 275, d) space.
It can be efficiently sampled using v = O(loglogn + blog £ +log §) = O(log® %)
random bits [3]. Let S;(y) = {j : yi; = 1}. Let T' be any subformula of G with at
most m’ terms and n' variables. Then, by choosing y randomly, the probability
that S1(y),...,Sn(y) are not good for T is at most

n’(slb +r26) + m'n’ (r) cb((?)% +9)

b
! 12¢s2 3
< n_b +m'n’'( e )b+n'r2b(5+m'n'(%)b(5
s
€L ELELE
—4 4 4 4
<k,

Consider the generator g : {0,1}"T% — {0,1}", defined as the following:

g(w,y)E( @ Wiyeeey @ wj)'

Jj€S1(y) J€Sn(y)
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The proof in [7] can be used to show that g is an e-generator for all subfomulas
of G with at most m' terms. From Lemma 3, g is a 2e-generator for G € ¢cDNF,.
From Lemma 2, we can get a 2ke-generator for F € DNF,;. The number of
random bits used is

dt 3 dlogm
€

t
E(r+v) = O(E log®™ —) = O(log %log ).

With e replaced by 5%, we have the following:

Lemma 4. Given F € DNFy, we can construct an e-generator for F using
O(log = log” dl"%) random bits.

To summarize, given a DNF formula F, we do the following:

— Remove those terms with more than ¢ = log ”* variables.
— Determine the parameter d, the maximum number of appearances of any

variable.

— Run the hypergraph coloring algorithm to partition F' into kK ¢cDNF; formu-
las.

— Construct generators g1, ..., g, and the generator g.

Compute the average of F' under the pseudorandom distribution generated
by g.

So we have the following theorem.

Theorem 1 Given a DNF formula F', we can approximate its volume with error
. . m 3 dlogm .
€ in deterministic 20008 108" =E2) ime,

3.2 Construction II, k = t29(vV1°8(d)) and ¢ = O(\/log(dt))

This is the framework used by Luby and Velickovié [6], but we use our hypergraph
coloring algorithm instead. Let | = [log %1020 and § = g5 Let h: {0,1}" —
{0,1}™ be the mapping that generates the (n,l,1/2,§) space. Then

Lemma 5. [6] h is an {-generator for cDNF.

From Lemma 2, we have an e-generator using kr = O(k(I+1loglogn+log1/d)) =
O(kl) random bits. So we have the following:

Lemma 6. Given F € DNFy, we can construct an e-generator for F using
log * log %20( Vi1es(dlog ) random bits.

Similarly, we have the following theorem.

Theorem 2 Given a DNF formula F, we can approximate its volume with error
. . olog ™ o 120( log(dlog 72))
€ in deterministic 2'°8 < '8 < time.
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4 Dimensions of Posets

In this section, we will constructivize existential bounds, given by Fiiredi and
Kahn [5], on the dimensions of posets.

Definition 3 [5] Let (P, <) be a poset. Its dimension, denoted as dim(P), is
defined to be the minimum number of permutations Lq,...,Lq such that P =
LiNn---NLg, ie.,

Ve,y e P, z <y & Vi,x <r, y. (

[\
~

Definition 4 [5] For ¢ € P, define U(z) = {y € P :y > z}, L(z) = {y
P:y <z}, and C(z) = U(z) U L(z). Define u = max{U(z) : x € P}, |
max{L(z) : x € P}, and t = max{C(z) : z € P}.

- m

Lemma 7. [5] The dimension of (P,<) is equal to the minimum number of
permutations wy,...,7q, such that

Ve,y € P, y £z = Ji,x <n, Uy). (3)

In addition, there is a deterministic polynomial time algorithm for converting a
set of d permutations satifying condition (3) to a set of d permutations satifying
condition (2).

Fiiredi and Kahn [5] gave a simple upper bound: dim(P) = O(ulog|P|).
Their argument can be turned into a deterministic algorithm.

Theorem 3 Given any poset (P, <), we can find a set of O(ulog|P|) permuta-
tions satisfying condition (2) in deterministic polynomial time.

Proof: We say that a pair (z,y) € P? is killed by a permutation 7 if x <, U(y).
We want to pick d = O(ulog|P|) permutations one by one, in d phases. In
phase ¢, find m; that can kill at least ul? fraction of those pairs not killed by
M, ..., Ti—1. Such a m; exists because the expected fraction killed by a random
permutation is %4-1 We can find such a 7; by fixing components one by one, in | P|
steps, again using the technique of conditional probability. Then after d phases,
the number of pairs not killed yet is less than | P|?(1&145)? < 2218 [Pl=d/(ut1) <
1, for some d = O(ulog|P|). These d permutations satisfy condition (3) and can
be converted to d permutations satisfying condition (2). It’s easy to see that the
whole process can be done in deterministic polynomial time. O

Fiiredi and Kahn [5] gave another upper bound: dim(P) = O(tlog® t). Again,
their argument can be turned into a deterministic algorithm. Assume without
loss of generality that #°8* < |P| (otherwise, we can just use the previous theo-
rem).

First, a simple lemma.

Lemma 8. [5] Given a hypergraph H(V,E) with E C V<% and degree at most
b, there exists a coloring with (a<1)b+1 colors such that no color appears more
than once in an edge.
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Such a coloring can easily be found using a greedy algorithm.

Theorem 4 Given any poset (P,<), we can find a set of O(tlog®t) permuta-
tions satisfying condition (2) in deterministic polynomial time.

Proof: Consider the hypergraph H(V, E) where V.= P and E = {U(y) : y €
P} C V<! with degree at most ¢. Using our hypergraph coloring algorithm,
we can color nodes using k& = O(t/c) colors such that no color appears more
than ¢ = O(logt) times in an edge. H is now partitioned into k hypergraphs
H{(Vi,E1),...,H(Vi, Ex) in the obvious way.

We will have k groups, G1,...,Gy, of permutations, with permutations in
the group G; designed to kill those pairs (z,y) € P? with z € V;. Permutations
in G; place V; ahead of V' \ V;, and use an arbitrary permutation T; for V' \ V;.
It remains to guarantee that for each (z,y) € P? with x € V; and y # =z, there
exists a permutation 7 € G; such that © <, U(y) N V;. Notice that we have
reduced the original problem to k subproblems.

For H;, use Lemma 8 to color nodes in V; with r = O(ct) = O(tlogt) colors
such that all colors in an edge are distinct. Let V;;, 1 < j < r, denote those
nodes in V; with color j. Notice that the order among V;; does not matter, and
we fix an arbitrary permutation R; ; on V;;, together with its converse R; ;. It
remains to find a set of permutations on r colors such that for any set S of c<1
colors and any color a ¢ S, some permutation puts « ahead of S. A random
collection of s = O(c? logr) permutations will fail with probability at most

r(r 4:)1) (1 4:)1)5 <1

cel c
Using a similar idea to that in Theorem 3, a good set of permutations y1,...,7s
can be found one by one, each in deterministic r©(¢) = |P|°(!) time. Then for

each 7 and [ with 1 <¢ <k and 1 <[ < s, we define two permutations:

il = (Ri,'n(l) , Ri7w(2), ey Ri’,n(r) , TZ‘), and
27 (Rg,'yl(l) ’ Rz?;yl(Q)a tees Rs,’yl(r) ’ TZ)

i1

So the total number of permutations is 2sk = O(t log® t), and they can be found
in deterministic polynomial time. O

Note that a more careful analysis shows that actually we can find a set of
O(tlogulogl) of permutations satisfying condition (2).
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Abstract. We construct a pseudo-random generator for space bounded
computations using the extractor of Zuckerman [7]. For machines that
use S space and R < 25" random bits for € > 0, the generator uses a
seed of length O((Slog R)/log S) which is shorter than the seed of both
the generator of Nisan [4] and the generator of Nisan and Zuckerman
[5]. We then use this generator to derandomize these machines in space

O(S+/(log R)/log S) which is better than the derandomization of [6].

1 Introduction

One of the important resources that complexity theory tries to measure besides
time and space is the number of random bits needed to solve a given problem
using a certain probabilistic model. Upper bounds are usually gained by intro-
ducing a deterministic algorithm G that gets a short random input s and outputs
a long string of length R > |s| that fools the model. By fooling a probabilistic
computational model we mean that its behavior on a truly random input of
length R is statistically very close to its behavior on the output of G when s
is truly random. The algorithm G is called pseudo-random generator for that
model.

The computational model that we try to fool here is space-bounded computa-
tions, i.e., the complexity class BPSPACFE(S) which contains all the problems
solvable by a Turing machine in space S using random bits with a bounded
two sided error. The two best pseudo-random generators known today for space-
bounded computations are [4] and [5]. In [4] Nisan shows a generator that fools
any space S machine that requires R < 2°(%) random bits using a seed of
length O(Slog R). However, when R = S°U) Nisan and Zuckerman [5] intro-
duce a more powerful generator which requires only O(S) random bits for its
seed. Our generator combines ideas from the two generators of [5] and [3], which
almost interpolates the whole gap between the two results above. For the rest
of the paper denote e(z) = Ylog” # log z. We show that for R < 2905) there ex-
ists a pseudo-random generator for space-S computations with seed of length

O(maxf{ﬁjjg(g)—)llsglljgfi}) and statistical error R™?(). This result is better than

both earlier results for R such that S*() < R < 257" for ¢ > 0. For R = Sk,

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'98, LNCS 1518, pp. 47-59, 1998.
O Springer-Verlag Berlin Heidelberg 1998
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the generator of Nisan and Zuckerman uses a seed of le{lgth 22(F) S while our
generator ( uses a seed of length O(kS), and for R < 2° ™ for some ¢ > 0, the

length of the seed is only O(%%Sﬁ)’ while the generator of Nisan needs a seed of

length @(S log R). Note also, that for S*(1) < R < 200108” 5) oup generator gives
an estimation to the accepting probability of a BPSPACFE(S) machine in less
space than [6], since they use @(S\/log R) space which is larger than our seed.

We would like to remark here that ideally, the "error term” e(R) should sim-
ply be log R, but unfortunately this e(R) term arises in the known constructions
of extractors, and no better one is known yet.

The best derandomization known so far for BPSPACE(S) is the one of
Saks and Zhou [6]. They proved that any problem that is randomly solvable in
space S using R < 2905 random bits, can be solved deterministically in space
O(Sy/log R) as well. In this paper we show that this task can be done in space
o (S+¢(R))\/log R

\/max{l,logS—loglogR}
according to our result is only O(S,/ 11%2—1;) which is less by a factor of v/log S
than the space used by Saks and Zhou [6].

). For R < 25" for some ¢ > 0, the space required

2 Preliminaries

2.1 Definitions and Notations

Let € R’ be a vector, then its ith entry is denoted by z[i]. The Li-norm
of x is ||z|| = 22:1 |#[7]]. Let M be a { x [ matrix over R, then its L;-norm
is ||[M|| = sup{zM : z € R ||z|| = 1}. The statistical distance between two
distributions D and D’ on the space {0,1} is ||D — D/||.

Let A; and A5 be two events in a probability space. We denote by Pr[A; : As]
the probability of A; conditioned upon As. Let f : W — R be a function, and
let X be a random variable distributed on W, then E,ex[f(x)] denotes the
expectation of f(X). We denote by D; the distribution over R of the random
variable f(Y) where Y is a random variable uniformly distributed over W. If
f W —=Randg:U — W, then fog is the composition of f and g, thus, Dy,
is the distribution over R of the random variable f(g(Y")) where YV is a random
variable uniformly distributed over U.

2.2 Extractors

Definition 1. [5] A distribution D on {0,1} is called a é-source if for all x €
0,1}, D(z) < 277

Definition 2. [7, Definition 1.4] A function E : {0,1}* x {0,1}} — {0,1}™
is called a (k,6,t,m, ¢)-extractor if for every é-source D on {0,1}*, if X 1is
a random variable distributed according to D and Y uniformly distributed on
{0, 1}, the distribution of E(X,Y )oY is within statistical distance of € from the
uniform distribution on {0, 1}™F°,
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Lemma 1. There s a constant ¢; > 0 such that for every integer k and every

_—k .
€> 2 45"k there exists a (k L

,5,c1log %, %, €)- extractor which runs in NC.

For the proof, refer to [T, Theorem 3.13,Remark 3.14] and substitute n = k, 6 = %
and o = %. Note that although the original proof uses a different definition for
statistical distance between distributions, which differs from ours by a factor of
2, the Lemma still holds.

2.3 Deterministic Sampling

Definition 3. An (¢,7) sampler (oblivious sampler) A : {0,1}™ x [k] — {0, 1}
is a deterministic algorithm such that for every function f:{0,1} — [0,1],

se oty Biemlf (AW D] = Boepoap [f(@)]] > d <7

An efficient construction of a (non-oblivious) sampler is presented in [2]. For
the proof of the following Lemma, refer to [7, Theorem 5.5] and substitute d = k,
a:%and'y:?‘l.

Lemma 2. For every integer l, for every constant b < 1 and for every ¢ > 2=
there is an (¢,27") oblivious sampler A : {0, 1}3' x [k] — {0, 1}!, running in NC,
where k = (%)O(l).

2.4 Space Bounded Computations and Branching Programs

In this subsection we show how to simulate a space bounded computation by
branching programs (BPs) in order to conclude that a pseudo-random generator
for BPs fools space bounded machines as well. For that purpose we need the
following definition of oblivious read-once BP.

Definition 4. A (w,n,r)-BP (branching program} is a graph of n + 1 layers,
indexed by 0, ..., n, with w vertices at each layer (length n and width w). For
each vertez v at layer i < n there are 2" outgoing multi-edges to vertices at layer
i+ 1 where each of these edges is labeled by a distinct string from {0,1}". Upon
receiving an input string from {0, 1} which can be viewed as n blocks of length
r, denoted Ry,..., Ry, all edges are deleted from the BP, except for the edges
between layer i — 1 and 1 labeled by R;, for every i < n. Let s be one of the
vertices at layer 0 - we call s the initial vertex. The value computed by the BP
is the index (in [w]) of the last vertex in the path that was started from s. Thus,
a (w,n,r)-BP can be viewed as a function from {0,1}™ to [w].

Now, we define a pseudo-random generator for BPs.

Definition 5. A function G : {0,1}' — {0, 1} is called a vy-pseudo-random
generator for (w,n,r)-BPs if for every (w,n,r)-BP P, [|Dp — Dpoc|| < 7.
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Definition 6. A function G : {0,1}' — {0,1}% is called a vy-pseudo-random
generator for space-S machines that use R random bits, if for every machine
M that runs in space S, uses R random bils and outputs {accept,reject}, then
1Dy — Daroc|l < v

Lemma 3. Let S, R > 0 be integers and let o > 0. Then, if G : {0, 1} — {0, 1} 7
is an a-pseudo-random generator for (2°, R,1)-BPs, then G is an a-pseudo-
random generator for space-S machines that use R random bits.

Proof: Let M be a space-S machine that uses R random bits. Following [3], we
simulate M by a (2°, R,1)-BP P. At each layer of P, the 2° different vertices
will correspond to the different configurations of M. An edge from vertex v at
layer 7, labeled by # € {0, 1} will end up at vertex u at layer i + 1 iff the input «
on the random tape of M takes it from configuration v to u. Let s be the initial
configuration of M. It follows that P computes the ending configuration of P.
Now, since the output of M is a mapping from configurations to {accept, reject},
we get that for every G : {0, 1} — {0, 1}2, [|Dar — Daroc|| < ||Pp — Dpoc||. We
conclude that if ¢ is a-pseudo-random for (27, R, 1)-BPs, then G is a-pseudo-
random for space-S machines that use at most R random bits. O

Remark 1. If G : {0,1}' — {0,1}™ is y-pseudo-random generator for (w,n,r)-
BPs, and if for some ' < r, G' : {0,1}} — {0, 1}’“1” is defined to output the
first v’ bits of every output block of GG, then G’ is y-pseudo-random generator
for (w, n,')-BPs.

3 Pseudo-randomness

In this section we show a pseudo-random generator that fools any (w,n,r)-BP
P. Our building block will be the extractor from sub-section 2.2.

3.1 Pseudo-randomness for Branching Programs

Definition 7. Let ¢; be the constant of Lemma 1. Given n, w, r and v, fix

the following parameters: Let ¢ def o, k def max{4r, 2logw + (1)} (we remind

the reader that e(z) = 4log™ 2 |og z) and t def 1 log % Let E be the (k, %,t, 7, €)-

extractor of Lemma 1. Define a generator G : {0, 1}F+71 — {0,117 as follows:

V$ S {Oal}kayla"'ayn € {Oal}t’ G($ay1a"'ayn) déf E($ay1)a"'aE($ayn)

For every y1,...,yn € {0,1}, we denote GUWr—¥=) : {0, 1}F — {0,1}"" as
G (2) = G(x,y1, ..., Yn)-

Lemma 4. For every n, w, r and v, for every (w,n,r)-BP P and for every
random variable Y uniformly distributed on {0,1}"", Eyev[||Dp—Dp,awm ] < 7-
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A similar version of this Lemma has already been proven by [5, Lemma 2] for
space-bounded machine, and we state our Lemma for BPs. Another difference
is that their Lemma is weaker, since they only proved that

IEyey [Dp = Dpoawlll = 1D = Dpoall <7

Proof: Let P be a (w, n, r)-BP. We denote by S;(u,v) C {0,1}" the set of labels
of edges going from vertex u at layer ¢ — 1 to vertex v at layer ¢ of P. We define
the following w X w stochastic matrices. M; is the matrix with |S’(2+v)| at its
(u,v) coordinate and for every z € {0,1}* and y € {0,1}! we define the matrix
Mi(x, y) with 1 at its (u, v) coordinate if E(z,y) € S;(u,v) and 0 otherwise. Let
up be the initial state of P, then let e be a unit vector of length w with 1 at its
ug coordinate and 0 elsewhere.

Let X be a random variable uniformly distributed on {0, 1}*. Notice that

Dp = e[]’_, M; and that for every y1,...,y, € {0, 1},

n
DPoé(yl ~~~~~ yn) — I‘EX eH I3 l‘ yz

i=1

Let Yy,...,Y, be random variables uniformly distributed on {0,1}*. We will
show by induction on j that

J J .
Jv
E91EY17~~~yijYj[||e((H - I‘EX H l‘ yl S 7

i=1

For j = 0 we trivially get equality. For j > 0, assume correctness for j — 1 and
prove for j.

J J
EyleylvaijYj[He((H - xEX H x yz <
i=1 =1
i1 -
< EyleYl,...,yjeYj[H@((H — Epex| H (z, y)])M; ] +

i=1
j—1
+%£n,wWH@mXII i(x,yi))(M; — Mj(, y;)]ll]

J—1)y ~
< % + EyleYl,...,yjeYj[||ExeX[U(l‘, Yi,- -+ yj—l)(Mj - Mj(x, yj))]”]

where in the last inequality, the first summand is bounded by the induction
hypothesis and [|M;|| = 1 as it is stochastic, and in the second summand,
vz, p,...,yj—1) = e Hfz_ll Ml(l‘, yi). Note that v(z,y1,...,yj—1) is a distribu-
tion vector over [w]. To conclude the proof, it is enough to show that for every
Y1, y—1 €410, 1},

v v
Ey,ev;[Beex v, y1, oo yy-0)(M; — My, gy} < -
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For the rest of the proof we fix the values of y1, ..., y;-1.
Let V be a random variable distributed on [w] according to the distribution

Ecex([v(z,y1,...,yj-1)]. Let L ={v € [w]: Pr[V =v] > -}

Forve L,Pr[X —z:V =] < P;,i[[);z:]] <ZPrlX =z < 2% .Pr[X = z]. We
get that the distribution of X conditioned upon V = v is a %—source. Since F is
an extractor, we get that for a random variable Z which is uniformly distributed

on {0,1}",

ST IRz =) A =y -
y;€10,1}* 2€{0,1}"
PH(E(X.Y}) = 2) A (Y; =9;) sV = ]| < e

thus,

EijYj[HExEX[U(x’ Y1, .- "yj—l)(Mj - Mj ($’ y]))]”] =
= EijYj[HExEX[ Z PI‘[V = U](M]' [Ua ] - M]’(l‘, yj)[va ])]H]

vE[w]
< Z Pr[V =]
veL
Eyer,[ 32 P17 € (0, )] = PLE(Y, 35) € S5(0,) :V = o]
v/ €w]
+ > PrV =By ey, [|Boex [(M;[v, ] = Mj (2, y;)[v, D]
vgL
€ v
< = . = 9] - _ -
_ZPr[V v] e—i—ZPr[V v]-1<e+ w§2€§n
veL vgL vgL

ad

Theorem 1. There exist constants ca,c3 such that for every n,w,r and v, if
k= ca(r+logw+e(2)) and t = czlog %gﬂ then G : {0, 1}¥+71 — L0, 1} is
a y-pseudo-random generator for (w,n,r)-BPs that runs in NC.

Proof: Let ¢ = 4 and ¢3 = 2¢;. Let Y be a random variable uniformly dis-
tributed on {0, 1}"*. By Lemma 4, for every (w,n,r)-BP P

I1DP = Dpoill = 1P = Eyey [Dpogun ]l < Eyev [IDp = Dpogunlll <7

Since each of the output bits of G is simply computed by applying an ex-
tractor to some predefined subset of the input bits, and since the extractor runs
in NC', then each of the output bits of G is computed in NC' as well. O

3.2 Composing Generators for Branching Programs

In this subsection, we will see that the generator ¢ that was defined in subsection
3.1 can be composed on itself. To this end, we need the following proposition:
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Proposition 1. Let P be a (w,n,r)-BP and let G {0, 1}FHnt — 10,117 be
the pseudo-random generator for (w,n,r)-BPs of Theorem 1. Then, for every

z €{0,1}*,
z def A
P( )(ylaayn) = P(G($ay1aayn))
is a (w,n,t)-BP.

Proof: Note that P(*) has the same vertex set as P has, but its edge set is
smaller. Every edge from layer ¢ — 1 to layer ¢ of P with label from E(z,y;) for
some value of y; € {0,1}* is labeled in P®) by y; while all other edges of P do
not appear in P®). Hence, P(*) is a (w, n,t)-BP. a

In order to be able to compose the generator, we would need to view the BP
P as a (w,n’,r)-BP for some n’. In the following definition we formally show
how we do so.

Definition 8. Let ) be a (w,n,t)-BP. We define the operation collapse-c, the

result of which is a (w, [2], tc) BP, Q, as follows. Denote n’ def [2], then Q has
n' 4+ 1 layers indered by 0,...,n, each of which contains w vertices.

For every i < n’, for every u,v € [w], the edge between u at layer i and v al
layer i+ 1 exists in Q if and only if there exists a path in Q between vertez u at
layeric and vertex v at layer (i+ 1)c (in the case that (i+ 1)c > n, we look for a
path ending at verter v at layer n, which is of course of length shorter than c).
The label of the edge (u,v) in Q 1s the concatenation of the labels on the edges
wmn the corresponding path in Q. In the case that the length of the paths to the
last layer in Q are of length ¢ shorter than ¢, the edges in Q corresponding to
these paths have labels of length only c't. In this case we lengthen these labels by
concalenating to each of them, all the possible suffizes from {0, 1}(c_cl)t which
results in replacing each edge by le—e')t parallel edges.

Assuming that ¢ < r, we would like to perform the operation collapse-[%] on
P®) and get a new BP, P®) with labels of length at least r. This fact allows
us to feed the output of G instead of a real random string to P(*). For the rest
of this subsection, we will properly define the composition of G and prove that
this composition really gives us a pseudo-random generator for BPs.

@

Definition 9. Let n,w,r and o be given. Lety = def Toam and let k = co(r+log w+

e(2)). Lett =c3 logw, 7’ = tmax{2, [M]} and k' = 2¢q7".

Let h &' [%ji] let ng benandforz>0 letnld_ef"’1 Fori > 0, we

define generators Gy - {0, 1} x {0, 10D+ 5 {0, 1}mi-rt — {0 137 recursively
as follows:

def A
Gl(xlayla"'ayn) é G(xlayla"'ayn)
and for i > 1

d ~
Gi(oy, o %Y1, - Ynay) et Gici(zy, .o wim, Gles, v, ooy Uniy)
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where we think of each of the ni_1 oulput blocks of G of length v' as partitioned
mto ’;—I blocks of length t, which gives a total of n;_o blocks from {0,1}* each.
Now, for every x1 € {0,1}*, every xo, ..., 25 € {0, 1}’“’ and for every y € {0,1}
we define

def
G(xla"'axhay) é Gh(xla"'axhay)

Theorem 2. G is an a-pseudo-random generator for (w,n,r)-BPs that expands

! Fe(2
a seed Of length [ = O(r—i_lognmax{l,l;gglggwi(lgg)log =}

) and it runs in space O().

Proof: The length of the seed that G uses is k+ k'(h — 1) +¢ = O(r + k'h).

logn ' logn
k'h = Ok -)=0
( log%) max{l,loglogw—logt})
1 408" % log 2
= O(logn ogTwW ¥ %8 o )

max{1,loglogw — loglog 2" }

. logrw+e( ) .
thus, the total length of the seed is O(r + lognmax{lyloglogw_loglog%}). Since

each of the output bits of G is computed in NC, and G is a composition of
at most h times, then G does not use more than k'A = O(!) space.

Let P be a (w,n,r)-BP with n and r that satisfy the conditions in Definition
9. We prove by induction on i that ||[Dp — Dpeg,|| < iy.
For ¢ = 1 the claim follows immediately from the fact that by the choice of &
and ¢ and by Theorem 1, G is a y-pseudo-random generator for (w,n,r)-BPs.
Assume correctness for ¢ — 1 and prove for ¢ > 1.

[|Dp — Dpog,

<|IDp — Dpoc,_, || + [|1Ppoc._, — Dpog,

By the induction hypothesis, the first summand is bounded by (¢ — 1)y so we
are left to bound the second. Let x; € {0,1}*, zo,...,2;_1 € {0,1}* and
Yl Yn,_, € 10,1} we define

def
P(l‘1,...,l‘z_1)(y1’H.’ynl_l) = P(Gi—l(xl’"'axi—layla”"yn,—l))

Let X; be a random variable uniformly distributed over {0, 1}* and let
Xo,...,X;_1 be random variables uniformly distributed over {0, 1}*". Then,

Dpoc,_y = Evyex, [ Eeyex, i [Dper,eicn] - ]
Dpoc, = Eviex, [ Eo,_yex,  [Dperneicngg] -
we get that
<

|1Dproc,_, — Dprog,

<Esex,[ - -Eu_ex,_, [HDlD(x1 ..... v — Dpern, zl_l)oGH] L)<y

where the last inequality is correct since P@i-%i-1) ig g (w,n;_1,t)-BP and
by performing Tt—l—collapse we get a (w,n;, r")-BP and by the choice of &' and ¢

and by Theorem 1, ( is a y-pseudo-random generator for (w, ni, r")-BPs. We
conclude that ||[Dp — Dpog, || < hy < @ O
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Corollary 1. There is an a-pseudo-random generator G : {0, 1} — {0, 1} for
space-S machines that use R random bits, where G uses a seed of length

— (Ste(d)log R
= O(max{l,logS—loglog &y )

Proof: Use Theorem 2 and Lemma 3. a

4 Derandomization of Space Bounded Computations

In this section we show how to derandomize space bounded computations using
our generator. We will use the method of [6], but instead of employing the gen-
erator of [4], we are taking the generator we constructed in the previous section.
Unfortunately, this is not a straight forward task, since a close investigation of
[6] reveals the fact that they use a very unique property of Nisan’s generator
that our generator doesn’t have. This property allows one to fix most of the
bits in the seed of the generator and yet, by exhausting all possibilities of the
remaining bits, to get a good estimation on the probability of moving from one
configuration to another in the machine (or in the branching program). Our first
task here is to show that every generator can be augmented with this property
and only then, we proceed to use our generator in [6]. To this end, we will use
samplers, such as the oblivious sampler of [7].

A second use for the sampler is to decrease the error. A key idea in this paper
is to have the error of the generator be 1 over polynomial in the length of the
BP. However, when we carry out the perturbation and truncation technique of
[6], we introduce an error which is factored by a polynomial in the width of the
BP. This factor cannot be tolerated, so we need to somehow decrease the error.
Again, we use the (very same) sampler in a similar way to [1].

Lemma 5. Let b < 1. Let G : {0,1}' — ({0,1}")* be an a-pseudo-random
generator for (w,n,r)-BPs that runs in space-s. For every 3 > w2_lb, there
exists an algorithm G : {0,1}3! x [k] — ({0,1}")" where k = (%1)0(1)’ G runs in
space s + polylogl and if for every y € {0,1}3" we define the function
Gy @ [k] — ({0,1}7)” by G, (4) = G(y, i), then for every (w,n,r) BP P,

Pr_ [||Dpog, — Dpoc|| > B] < w2™!
ye{0,1}3

Proof: Let A : {0,1}3 x [k] — {0,1}" be the (5,2_1) oblivious sampler of
Lemma 2. Define G = G o A. Let P be a (w,n,r) BP. For every j € [w], define
the function f; : {0,1} — {0,1} as fj(x) = 1 if and only if P(G(z)) = j. We
get that for every y € {0, 1}/

I1Dras, = Drocll= 32 | B [P@AW N == b, [PGE) =)

= Y [Biewlfi (A, )] = Brego,1y [f (2)]]
j€lw]
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and by the fact that A is a (g, 27"} sampler we conclude that

[[1Dpog, — Dpocl| > Bl <

yE{O 1}31
< eyl Z el (A, D)) — Boego [ ()| > 6]
. Z ye{o 1y [1Eiem i (Aly, )] = Eoe ol ()] > g] < w2

ad

Corollary 2. Letb < 1. There exists an algorithm G such that for every w,n,r,

_p _ log rw+e( %)
a and > 27" where = O(r+ lognmax{lyloglogw_loglog%}

), G takes an input
y of length |y| = | and an input i of length O(log %l), G runs in space O(l) and
outputs n blocks of length r such that with probability at least 1 — w2~5 over

y € {0,1Y, G,(-) = G(y,-) is an o + B pseudo-random generator for (w,n,r)
BPs.

Proof: Combine Theorem 2 and Lemma 5 using for every y € {0, 1}/

|1DPog, — Dpl| < [[Dpog, — Dpoc|| + ||DpPec — Dpl|

a

Now we can start following the proof of [6], while replacing Nisan’s generator

by ours. For the rest of this paper, we assume that the reader is familiar with

the details of [6]. The first step will be to redefine their PRS algorithm, which
will now use our generator G. The following Lemma replaces [6, Lemma 4.1].

Lemma 6. Let b < 1. Given as input a w X w sub-stochastic matriz M, an
, . 1

a > 0 and integers t and K, set r =t —loga and | = O(tmax{lifgvlj;gllogr}),

then if K < [, then the algorithm PRS(M,t,r;y) runs in space O(r), takes a

random string y € {0,1} and computes a sub-stochastic matriz of dimension

w which approrimates A(t)(M) with accuracy K — loga and error probability

w2”3

Proof: We basically follow the proof of [6, Lemma 4.1], employing corollary 2
and noticing that the PRS algorithm does not use more than O(r) space other
than the space needed to compute G. However, although PRS will be part of a
recursive algorithm, the G algorithm does not participate in the recursion, thus,
it uses the same O(l) extra space each time it is invoked (even in different levels
of the recursion). Moreover, while using corollary 2 with 8 = 275 and n = 2,
the error probability over the y € {0, 1} of using G is w2, O

Now, we let the algorithm MAIN of [6] work normally, only using our new
version of the PRS algorithm which uses shorter random input. To fully utilize
this extra power, we fix the parameters somewhat differently. Given an o >
0 and integers w and ¢ we compute the following parameters: r = ¢ — loga,
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K = 13(r+logw), D = 7(r + logw), d = K — D as in [6], and we set ¢; =
[/tmax{l,loglogw —logr}], t2 = f%] (for simplicity assume in the sequel

that ¢ = #1t2) and | = O(ty max{llifgwlj;gllogr}). The algorithm MAIN gets as

input a sub-stochastic w x w matrix M and random inputs y € {0,1}' and
41, ..., qe, € {0,1}” and computes a sequence of matrices, where for every i €

[tQ]a

M; = |Zs,(PRS(Mi—1,t1,7;9))]a
My = M and & = ¢;27%.
Theorem 3. The algorithm MAIN approrimates A(t)(M) with Ly distance
22 (o +2w2~?) and error probability tz(w2_l§ +2w?27PY and it does so in space
O(l+ Kt,).
Proof: For a w x w matrix N, an algorithm ¢ : {0,1} — ({0,1}7)?" and a
y € {0,1}, define the operation S;(N;y) as the w x w matrix that in its 4,
entry contains 1 if we can move from ¢ to j in 2'* steps in the (w, 2%* r) machine
associated with N, where the ”instructions” are the 2t blocks of length r of ¢(y).
Note that PRS(N,t1,7;y) = Eje)[Sg,(IV;j)]. Define the following sequences
of matrices for every i € [{5]:

Ni = [ Z5,(By[Sa(Ni—1;9)]) ] a
M;i(y) = | X5, (Bjem) S, (Mi—1(y); 3)])]a

where Ny = My(y) = M. Now, since GG a an a-pseudo-random generator for
(w, 2", 7)-BPs and since the operations |-|; and X(-) introduce an error of at
most w2~ % each, we get that

[Ny = AT D < |15, (By [Sa(Ni—;9))]a = (Nim1) ™|
+||(Ni_1)2t1 _ (A((i—l)h)(M))Ztl H
<a+42 w2 ? 420220V 4 2. w279
<27M(a 42 w2
We will now prove by induction on ¢ that with high probability over the random

choices of y and é1,...,8;, the matrices M;(y) = N;. More precisely, we will
prove by induction on ¢ that

. H
P AN M:(y) = N;1> 1 —i(w27 5 + 202270
yE{O,l}l,ql,..r.,q,E{O,l}D[ =1 J(i‘/) ]] =z z(w + 2w )

For i = 0, the statement is trivial.
Denote Mp(y) = Ejex)[5g, (Ni—1;j)] and Np = Ey[Sq(N;-1;y)].
Pr Mi Nz' : Mi— = Nz'— <
yE{O,l}’,q,E{O,l}D[ () # 1(y) 1] <

< P M — Np|| >27K
< ebr M) = Ne| ]

Pro (55 (Mp(y)]a # [Zs,(Np)a : [|Mp(y) — Np|| < 27F]
ye{0,1},¢i€{0,1}
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Remembering that G = GG o A and using Lemma 5 we bound the first summand
by w2~%. The second summand is bounded in [6, Lemma 5.5] by 2w?2~P so
we get that

ye{ovl}l,(h,..r.,q,e{oyl}D[ Jj=1 ](y) ]]

- P AT M = N.1.
yE{Ovl}’yql,.iq,e{O,l}D[ J=1 i () i

P M;(y) = N; : L2V M (y) = N;
ye{O,l}l,qI:e{O,l}D[ () 21 Mi(y) = N

(1= (i — )(w2™5 + 20727 P))(1 — w2~ 5 — 20727 7)
> 1 — (w275 + 20?27 P)

v

Now we can conclude that

Pr AT (M) — My,|| > 221152 (0 4 2027 %)) <
y€{0,1}! ¢1,...,¢:€{0,1} P

< to(w275 + 20727 D)

The space required by algorithm MAIN is O(l) to store the y argument,
O(t2D) to store qi, ..., qt,, the O(!) space for computing the function G, and
then, for each of the ¢5 levels of the recursion, an O(K) space is needed (for the
PRS algorithm by Lemma 6 and for computing X, and |-|4). This sums up to
O(l + t3K) space. a

Corollary 3. Every language which is decidable randomly in space S using R <
2% random bits with two sided error, can be decided deterministically in space
O( (S+e(R))\/logR )
\/max{l,logS—loglogR}

Proof: Let M be the stochastic matrix associated with the Turing machine that
decides the language in space S using R random bits, i.e., the (7, j) entry of
M contains the probability of moving from configuration ¢ to j in the Turing
machine on a single random bit. Set w = 2° (M is a w x w matrix), t = [log K]
and o = R™3. We now exhaust all the possible random inputs y € {0, 1} and
a1, -, q, € 10,1} to the algorithm MAIN and run it on every input to get an
estimation to M% by taking average of every entry.

By Theorem 3 we approximates the matrix M* with error smaller than %

(S+e(R))\/log R ) Takmg
\/max{l,log S—loglog R}’
majority vote on the accepting configuration, we decide whether the given input
is in the language. O

(by the choice of parameters) and in space O(
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Abstract.

1 Introduction

The aim of this paper is to advocate the use of Talagrand’s isoperimetric in-
equality [10] and an extension of it due to Marton [5, 6] as a tool for the analysis
of distributed randomized algorithms that work in the locality paradigm. Two
features of the inequality are crucially used in the analysis: first, very refined
control on the influence of the underlying variables can be exercised to get sig-
nificantly stronger bounds by exploiting the non—uniform and asymmetric con-
ditions required by the inequality (in contrast to previous methods) and second,
the method, using an extension of the basic inequality to dependent variables
due to Marton [6] succeeds in spite of lack of full independence amongst the un-
derlying variables. This last feature especially makes it a particularly valuable
tool in Computer Science contexts where lack of independence is omnipresent.
Our contribution is to highlight the special relevance of the method for Com-
puter Science applications by demonstrating its use in the context of a class of
distributed computations in the locality paradigm.

We give a high probability analysis of a distributed algorithm for edge—
colouring a graph [8]. Apart from its intrinsic interest as a classical combinatorial
problem, and as a paradigm example for locality in distributed computing, edge
colouring is also useful from a practical standpoint because of its connection
to scheduling. In distributed networks or architectures an edge colouring corre-
sponds to a set of data transfers that can be executed in parallel. So, a partition
of the edges into a small number of colour classes —i.e. a “good” edge colouring—
gives an efficient schedule to perform data transfers (for more details, see [8,2]).
The analysis of edge colouring algorithms published in the literature is extremely

* Work partly done while at BRICS, Department of Computer Science, University of
Aarhus, Denmark. Partially supported by the ESPRIT Long Term Research program
of the EU under contract No. 20244 (ALCOM-IT)

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM' 98, LNCS 1518, pp. 60-70, 1998.
[ Springer-Verlag Berlin Heidelberg 1998
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long and difficult and that in [8] is moreover, based an a certain ad hoc exten-
sion of the Chernoff-Hoeffding bounds. In contrast, our analysis is a very simple,
short and streamlined application of Talagrand’s inequalty, only two pages long.

In § 5, we outline how other edge and vertex colouring algorithms can also
be tackled by the same methods in a general framework. These examples are
intended moreover, as a dramatic illustration of the versatility and power of the
method for the analysis of locality in distributed computing in general.

2 Distributed Edge Colouring

Vizing’s Theorem shows that every graph G can be edge coloured sequentially
in polynomial time with A or A+ 1 colours, where A is the maximum degree of
the input graph (see, for instance, [1]).

It is a challenging open problem whether colourings as good as these can
be computed fast in a distributed model. In the absence of such a result one
might aim at the more modest goal of computing reasonably good colourings,
instead of optimal ones. By a trivial modification of a well-known vertez colouring
algorithm of Luby it is possible to edge colour a graph using 2A — 2 colours in
O(logn) rounds (where n is the number of processors) [4].

We shall present and analyze a simple localised distributed algorithm that
compute near optimal edge colourings. The algorithm proceeds in a sequence
of rounds. In each round, a simple randomised heuristic is invoked to colour a
significant fraction of the edges successfully. The remaining edges are passed over
to succeeding rounds. This continues until the number of edges is small enough
to employ a brute—force method at the final step. For example, the algorithm of
Luby mentioned above can be invoked when the degree of the graph becomes
small i.e. when the condition A > logn is no longer satisfied.

First the algorithm invokes a reduction to bipartite graphs by a standard
procedure, see [8]. We describe the action carried out by the algorithm in a
single round starting with a bipartite graph. At the beginning of each round,
there is a palette of fresh new available colours, [A], where A is the maximum
degree of the graph at the current stage.

Algorithm P': There is a two step protocol:

— Each bottom vertex, in parallel, makes a proposal independently of other
bottom vertices by assigning a random permutation of the colours to their
incident edges.

— Each top vertex, in parallel, then picks a winner out of every set of incident
edges that have the same colour. Tentative colours of winner edges become
final.

— The losers— edges who are not winners— are decoloured and passed to the
next round.

L for permutation.
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It is apparent that the algorithm is truly distributed. That is to say, each
vertex need only exchange information with the neighbours to execute the algo-
rithm. This and its simplicity makes the algorithms amenable for implementa-
tions in a distributed environment. Algorithm P is exactly the algorithm used
in [8].

We focus all our attention in the analysis of one round of the algorithm. Let
A denote the maximum degree of the graph at the beginning of the round and
A’ denote the maximum degree of the leftover graph. One can easily show that
E[A" | A] < BA, for some constant 0 < § < 1. The goal is to show that this
holds with high probability. This is done in § 4 after the relevant tools — the
concentration of measure inequalities — are introduced in the next section.

3 Concentration of Measure Inequalities

Talagrand’s isoperimetric inequality for the concentration of measure involves a
product space 2 =[] i€[n] 2;, equppied with the product measure P = Hie[n] P
(where the P;s are arbitrary measures on the individual spaces) and, crucially. a
certain notion of “convex distance” between a point x € w and a subset A C (2:

dr(z,A):= sup min Z Q;. (1)
> oi=1 ved TiFYi
(The sup is over all reals aq,...,q, satisfying the stated condition.) For sets

A,B C 2, set dr(A, B) := minge 4 dr(z, B).
Talagrand’s inequality [10] is:

P(A)P(B) < exp (—d7(A,B)/4), A,BC 1. (2)

In an alternative elegant approach, Marton [5, 6] shows that this inequality is
in turn a consequence of certain information—theoretic inequalities. This requires
an analgoue to (1) for distributions. Note that for a one point set A = {y}, the
distance (1) is

dr(z,y) = sup Z @;.
Yo ai=laAy,

Now, for distributions P and @ on {2, we define dy(P, Q) as the minimum of
E[dr(X,Y)] over all joint distributions of X and Y with marginals P and @
respectively.

We also require the notion of conditional or relative entropy H(P | Q) of
distribution P with respect to Q:

HP|Q) = Y P(w)log L&) (3)

wEe w)

(This is also sometimes called the informational divergence and denoted D(P||Q).)
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The information theoretic inequality is: if P is a product measure, then for
any other measure @,

dr(P,Q) < V2H(P | Q). (4)

One can show that the concentration of measure inequality (2) is a consequence
of (4).

Marton generalises (4) to the case when the underlying measure P is not
the product measure (i.e. the corresponding variables are not independent). The
setting is very similar to that in martingale inequalities where the underlying
variables are “exposed” one by one. Suppose k < n and z¥, #¥ differ only in the
last co—ordinate:

.Tlf_l = .i'lf_l,wk #* T,
We want to consider the corresponding conditional distributions on the re-
maining variables, once the first k variables are fixed to the values xf and
2% respectively. Let us consider a coupling of the two conditional distributions
P(-| Xf = 2¥) and P(- | X} = #}) and denote this by 72(- | #¥,2¥). This can
be thought of as the joint distribution of a pair of random variable sequences,
(¥, ¥y0).
Now for k < i < n, define the “influence” coefficients v; x (z¥,2¥) by:

1/4

. k aky . nf/ Yn_n2pyn_nyk_k 5
vk (71, &7) == Z Y #yi | Y =yl Y =y | Y7 =ai] (5)

Vi

Put vg i (¥, 25) := 1. Set

Now define
U = max Z Vi g5 (6)
1<0<i
and
— 2
V.= max Z Vi g (7)
k<i<n

Then the generalisation of (4) is [6, Theorem3.1]:

dr(P,Q) < VUV2H(P | Q). (8)

As an example of this inequality, consider the space of the m—fold product of
the symmetric group S,,. The measure on each component space is the uniform
measure and on the product space we take the product measure. To compute
the coefficients (5), let us expose the variables component by component. Having
exposed all variables in the first ¢ < m components, suppose we have further
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exposed k£ < n variables in the ¢ + 1st component. We take the natural cou-
pling that simply swaps the permutation in this component and is the identity
everywhere else. For this coupling, an easy calculation shows that

vik(zt,2Y) =1/Vn —k,

for k within this component and zero everywhere else. Thus

— 2
U= max E Vi

<i

— 2
V= max E Vi

Hence on the product space S)* of the m—fold product of the symmetric
group, we get, the inequality:

dr(P,Q) < /logn\/2H(P | Q) (9)

Actually Talagrand is able to prove a stronger result on the symmetric group.
For the m—fold product of the symmetric group, he proves:

P(A)P(B) < exp (~d7(4, B)/16) (10)

There is a simple packaged form in which it is often convenient to apply these
inequalities. In this form, the two components of the analysis are separated from
each other:

— The probabilistic component which gives a concentration of measure inequal-
ity.
— The smoothness of the function of interest.
In applications, the concentration of measure inequality is taken ready—made

without extra effort and one has only to verify the smoothness conditions on the
function, which is often very easy.

Theorem 1. Let f be a real-valued function on a product space 2 = Hie[n] £2;
with a measure P (which is not necessarily with product measure). Suppose for
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each © € (2, there are reals a;(x),i € [n] such that any one of the following
conditions holds:

f@) < fw+ > aiz), forallye R, (11)
i AYi
or,
f@)> fy)— > ai(x), forallye 0. (12)
i AYi

— If a measure concentration inequality holds in the form
P(A)P(B) < exp (—d7(4,B)/a), (13)
for some a > 0, and uniformly for all x € (2,

PIHE R (14)
then we have the following concentration result for f around its median value
M[f]:

t2
PlIf —u{f)l > 1] < 2exp (7) | (15)
— If a measure concentration inequality holds in the form

dr(P,Q) < an/2H(P | Q) (16)

for some a > 0 and also the coefficients a;(x) satisfy
E[Y ai(X)]<e, (17)
i
then, we have the following concentration result for f around its mean:

Pl —8lfll > 1) < 2ewp (-2 ). (1)

Note two features of the condition (11)or (12): first the asymmetry: we only
need one of these one—sided versions to hold. Second its non—uniformity: the
coefficients «; are allowed to depend on z. Both these features contribute to the
power of the inequalities in applications.

4 High Probability Analyses

4.1 Top vertices

The analysis is particularly easy when v is a top vertex in Algorithm P. For, in
this case, the incident edges all receive colours independently of each other. This
is exactly the situation of the classical balls and bins experiment: the incident
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edges are the “balls” that are falling at random independently into the colours
that represent the “bins”. Let T,,e € E, be the random variables taking values
in [A] that represent the tentative colours of the edges. Then the number of
edges unsuccessfully coloured around v (and hence the new degree) is a function
f(T.,e € N*(v)), where N'(v) denotes the set of edges incident on v. It is easily
seen that this function has the Lipschitz property with constant 1: changing only
one argument while leaving the others fixed only changes th evalue of f by at
most 1. Thus:

— We can take all coeffcients a; =1 in (11).
— Since the variables T,,e € N'(v) are independent, we can apply the Tala-

N'(v)

grand inequality (2)for the product spaces [A] when v is a “top” vertex.

Hence, applying the first part of Theorem 1, we get the following sharp concen-
tration result easily:

Theorem 2. Let v be a top vertex in algorithm P and let f be the number
of edges around v that are successfully coloured in one round of the algorithm.
Then,

prllf ~ E[f]l > 1) < 20 (75 )

For ¢t := €A (0 < € < 1), this gives an exponentially decreasing probability for
deviations around the mean. If A > logn then the probability that the new
degree of any vertex deviates far from its expected value is inverse polynomial,
i.e. the new max degree is sharply concentrated around its mean.

4.2 Bottom Vertices

The analysis for the “bottom” vertices in Algorithm P is more complicated in
several respects. It is useful to see why so that one can appreciate the need for
a more sophisticated analysis.

To start with, one could introduce an indicator random variable X, for each
edge e incident upon a bottom vertex v. These random variable are not inde-
pendent however. Consider a four cycle with vertices v, a,w, b, where v and w
are bottom vertices and a and b are top vertices. Let’s refer to the process of
selecting the winner (step 2 of the algorithm P) as “the lottery”. Suppose that
we are given the information that edge va got tentative colour red and lost the
lottery— i.e. X,, = 0— and that edge vb got tentative colour green. We’'ll argue
intuitively that given this, it is more likely that X, = 0. Since edge va lost the
lottery, the probability that edge wa gets tentative colour red increases. In turn,
this increases the probability that edge wb gets tentative colour green, which
implies that edge vb is more likely to lose the lottery. So, not only are the X.’s
not independent, but the dependency among them is particularly malicious.

One could hope to bound this effect by using Talagrand’s inequality in it
simplest form. This is also ruled out however, for two reasons. The first is that
the tentative colour choices of the edges around a vertex are not independent.
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This is because the edges incident ona vertex are assigned a permutation of
the colours. The second reason applies even if we pretend that all edges act
independently. The new degree of v, a bottom vertex in algorithm P is a function
f = f(Te,e € N(v)), where N(v) is the set of edges at distance at most 2 from
v. Thus f depends on as many as A(A—1) = @(A?) edges. Even if f is Lipshitz
with constants d; = 1, this is not enough to get a strong enough bound because
d=7Y%,d? = 9(A?). Applying Theorem 1 as above would give the bound

prllf ~ ELf]) > 1 < 2050~ 5557 )

This bound however is useless for ¢ = €E[f] since E[f] ~ A/e.

We will use Marton’s extension of Talagrand’s inequality to handle the depen-
dence and we shall use the asymmetric and non—uniform nature of the condition
(11) to control the effects of the individual random choices much more effectively.

Let N'(v) denote the set of “direct” edges— i.e. the edges incident on v—
and let N%(v) denote the set of “indirect edges” that is, the edges incident on a
neighbour of v. Let N (v) := N'(v) |J N?(v). The number of edges unsuccessfully
coloured at vertex v is a function f(Te,e € N(v)).

For a tentative colouring T, = c., choose the coefficients «;(c) as follows.
Recall that edges compete in a “lottery” at the top vertices: for each colour, one
“winner” is picked by a top vertex out of all the edges incident on it that receive
the same tentative colour. Choose a; to be 1 for all unsuccessfully coloured edges
around v and for all “winners” (w, z) such that the edge (v, w) took part in the
lottery that (w, z) won (hence (w, z) was responsible for (v, w) being unsuccessful
and serves as a witness for this fact). All other ; are 0. Thus at most 2A edges
have non-zero a; values, and hence )., a? < 2A. To see that (11) holds, let
us look at an unsuccessfully coloured edge e in the colouring z. If it is also
unsuccessful in the colouring y, it is counted in the term f(y). Otherwise, at
least one of e or its “witness” e’ must be coloured differently in y and this will
be counted in the second term in the right-hand side.

The underlying space is S§2(v) where N2(v) := {u | d(u,v) = 2} J{v}.
Now applying the measure concentration result for the m—fold product of the
symmetric group Sa from Marton’s inequality, namely (9) and using the second
part of Theorem 1, we arrive at the following sharp concentration result:

Theorem 3. Let v be a bottom vertex in algorithm P and let Let f be the number
of edges successfully coloured around v in one stage of either algorithm. Then,

Pr(|f —E[f]| > t] < 2exp <_2A\/t71(yﬂ> :

For t = €A, this gives a probability that decreases almost exponentially in A.
As remarked earlier, if A > logn, this implies that the new max degree is
sharply concentrated around the mean (with failure probability roughly inverse
polynomial in n).
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One can improve this by using the stronger inequality (10) for the symmetric
group. This gives the bound:

Pr(|f — M[/]| > 1] < 2exp (—?);—A) .

We first gave the result with Marton’s inequality because although it gives a
somewhat weaker bound in this example, it actually illustrates a general method
with wider applicability.

5 A General Framework

The method used in the last section is actually applicable in a much more general
way to the analysis of a wide range of randomised algorithms in a distributed
setting. In this section, we outline a fairly general framework in which such
concentration results can be directly inferred. Let f be a function to be computed
by a randomised local algorithm in a distributed environment respresented by
a graph G = (V,E). We shall lay down conditions on f and on algorithms
computing f locally that will enable the methods in the previous section to
be extended to to derive a sharp concentration result on f. In particular, we
indicate how the edge colouring algorithm above [8] as well as the edge and
vertex colouring algorithms from [2, 3] follow directly as well as the analysis of
a vertex colouring process in [7].

Suppose that f is a function determined by each vertex v of the graph as-
signing labels £(v) to itself and labels £(v,e),e € N(v) to its incident edges by
some randomised process. In the edge colouring problem, the labels on the edges
are their colours (we may assume for instance that the lower numbered vertex
assigns the colour to an incident edge) and the vertex labels are empty; in the
vertex colouring problems, the vertex labels are the colours and the edge labels
are empty.

The two necessary and sufficient conditions for sharp concentration of f are
as follows:

L: Locality of the function: The function f is Lipschitz: changing any one
label changes the value of f by at most 1. Furthermore, following Spencer [9],
f is h—certifiable for some function h : R — R i.e. for each z, there is a subset
I = I(x) (the “certificate”) of the labels of size at most h(f(x)) such that for
any other y agreeing with z on I, f(y) > f(z). In edge colouring, the function
f is the number of edges unsuccessfully coloured around a vertex. It is clearly
Lipschitz. Also it is h certifiable for h(z) = 2z since each unsuccessfully
coloured vertex can be attributed to one other adjacent edge of the same
colour.

M: Concentration of Measure in the Probability Space: There is con-
centration of measure in the underlying space in one of the two forms (13)
or (16) with some positive coefficient a. Marton’s inequality gives a method
for determining this coefficient as « = VUV for U and V determined by (5)
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through (7). Two particularly important cases in which this obtains are the
following. First we assume that the vertex label assigned by a vertex is inde-
pendent of the edge labels it assigns and that each vertex acts independently
of the others.

I: The labels £(v, e) assigned by a vertex to its incident edges are independent of
each other. In this case, the algorithm defines a fully independent probability
space and Talagrand’s inequality (2) applies.

S: The labels £(v,e) assigned by a vertex to its incident edges are given by
a permutation distribution. In this case, the algorithm is symmetric with
respect to the labels. Marton’s theorem yields measure concentration in the
form (16) with o = /logn and Talagrand’s inequality for the symmetric
group gives measure concentration in the form (13) with o = 16.

The condition I obtains in the algorithms in [3, 7] while the condition S obtains
in the algorithm of [8] discussed in detail above.

Theorem 4. Let f be a Lipschitz function which is h—certifiable computed by
an algorithm satisfying the measure concentration property M for some a > 0.
Then Then

t2
Pr[|f —M[f]| >t §2exp<—7>.
1 = W) > 4 T
In particular if the algorithm satisfies either full independence I or is symmetric,
satisfying S, then we have the concentration result:

Pr(|f — M[/]| > 1] < 2exp (‘#{f})) ’

where the constant c is 4 for the independent case and 16 for the symmetric case.
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Abstract. We are given a sequence of items that can be packed into
m unit size bins. In the classical bin packing problem we fix the size
of the bins and try to pack the items in the minimum number of such
bins. In contrast, in the bin-stretching problem we fix the number of
bins and try to pack the items while stretching the size of the bins as
least as possible. We present two on-line algorithms for the bin-stretching
problem that guarantee a stretching factor of 5/3 for any number m of
bins. We then combine the two algorithms and design an algorithm whose
stretching factor is 1.625 for any m. The analysis for the performance of
this algorithm is tight. The best lower bound for any algorithm is 4/3 for
any m > 2. We note that the bin-stretching problem is also equivalent
to the classical scheduling (load balancing) problem in which the value
of the makespan (maximum load) is known in advance.

Keywords. On-line algorithms, approximation algorithms, bin-stretching,
load balancing, scheduling, bin-packing.

1 Introduction

The on-line bin-stretching problem is defined as follows. We are given a sequence
of items that can be packed into m bins of unit size. We are asked to pack them
in an on-line fashion minimizing the stretching factor of the bins. In other words,
our goal is to stretch the sizes of the bins as least as possible to fit the sequence of
items. Bin-stretching is somewhat related to the bin-packing problem [10, 13, 18].
In both cases all the items are to be packed in bins of a certain size. However, in
bin-packing the goal is to minimize the number of bins while in bin-stretching
the number of bins is fixed and the goal is to minimize the stretching factor of
the bins. Hence, results for bin packing do not seems to imply results for the
bin-stretching problem.

A bin-stretching algorithm is defined to have a stretching factor 3 if for every
sequence of items that can be assigned to m bins of a unit size, the the algorithm
assigns the items to m bins of size of at most G.

The motivation for our problem comes from the following file allocation prob-
lem. Consider a case in which a set of files are stored on a system of m servers,
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O Springer-Verlag Berlin Heidelberg 1998



72 Y. Azar and O. Regev

each of some unit capacity. The files are sent one by one to a remote system
of m servers in some order. The only information the remote system has on
the files is that they were originally stored on m servers of unit capacity. Our
goal is to design an algorithm that can assign the arriving sequence of files on
the remote system with the minimum capacity required. An algorithm for our
problem whose stretching factor is 3 can assign the sequence of jobs to servers
of capacity 3.

It is also natural to view the bin-stretching problem as scheduling (load
balancing) problem. In the classical on-line scheduling (load balancing) prob-
lem there are m identical machines and n jobs arriving one by one. Each job
has some weight and should be assigned to a machine upon its arrival. The
makespan (load) of a machine is the sum of the weights of the jobs assigned
to it. The objective of an assignment algorithm is to minimize the makespan
(maximum load) over all machines. In the bin-stretching problem we have the
additional information that the optimal load is some known value and the goal
is to minimize the maximum load given this information.

It is clear that an upper bound for the classical scheduling (load balancing)
problem is also an upper bound for the bin-stretching problem since we may
ignore the knowledge of the optimal makespan (load). The classical scheduling
problem was first introduced by Graham [14, 15] who showed that the greedy
algorithm has a performance ratio of exactly 2 — % where m is the number of
machines. Better algorithms and lower bounds are shown in [7, 8, 9, 11, 12, 19,
21]. Recently, Albers [1] designed an algorithm whose performance ratio is 1.923
and improved the lower bound to 1.852.

The only previous result on bin-stretching is for two machines (bins). Kellerer
et al. [20] showed that the performance ratio ratio is exactly 4/3 for two machines.
For m > 2 there were no algorithms for bin-stretching that achieve a better
performance than those for scheduling. In this paper we provide for the first
time algorithms for bin-stretching on arbitrary number of machines (bins) that
achieve better bounds than the scheduling/load-balancing results. Specifically,
we show the following results:

— Two algorithms for the bin-stretching problem whose stretching factor is 5/3
for any number m of machines (bins).

— An improved algorithm which combines the above two algorithms whose
stretching factor is 1.625 for any number m of machines (bins). Our analysis
for the stretching factor of this algorithm is tight (for large m).

— For a fixed number m > 3 we get an upper bound g::;i which is better than
1.625 for m < 20.

— Also, we easily extend the lower bound of 4/3 on the stretching factor of any
deterministic algorithm for m = 2 for any number m > 2.

Observe that the additional information that bin-stretching has over the schedul-
ing problem really helps in improving the performance of the algorithms. More-
over, our upper bounds for the bin-stretching problem are lower than the lower
bounds for the classical load balancing problem for all m > 2 and this fact
separates the two problems.
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Note that the notion of stretching factor has been already used for various
problems and, in particular, for scheduling. A paradigm that is used for attacking
many of the off-line and on-line problems is to design algorithms that know an
upper bound on the value of the optimal algorithm. Binary search for the optimal
value is used in the off-line setting. In fact, this is the way that scheduling is
reduced to bin-stretching by the polynomial approximation scheme of [17]. This
paradigm is also used for the related machines model [16] which corresponds to
bins of different sizes. In the on-line case the paradigm of stretching factor is
used with a doubling technique. Reducing the case of unknown optimal value to
known optimal value results in loosing a factor of 4 [2]. The notion of stretching
factor has also been used in the temporary jobs model where jobs arrive and
depart at arbitrary times [3, 4, 5, 6].

2 Notation

Let M be a set of machines (bins) and J a sequence of jobs (items) that have to
be assigned to the machines (bins). Each job j has an associated weight, w; > 0.
As job j arrives it must be permanently assigned to one of the machines. An
assignment algorithm selects a machine ¢ for each arriving job j. Whenever we
speak about time j we mean the state of the system after the jth job is assigned.
Let I;(j) denote the load on machine ¢ at time j, i.e., the sum of the weights of
all the jobs on machine 7 at time j. The cost of an assignment algorithm A on
a sequence of n jobs J is defined as the maximum load over all machines, or,

C4(J) = maxem li(n).

The objective of an on-line bin-stretching algorithm is to minimize the stretch-
ing factor G; i.e., the cost of a sequence of jobs given that the optimal off-line
assignment algorithm (that knows the sequence of jobs in advance) assigns them
at a unit cost. This is unlike the classical on-line scheduling (load balancing)
problems where the optimal cost is not known in advance and the performance
is measured by the regular competitive ratio which is defined as the supremum of
the ratio between the cost of the on-line assignment and the cost of the optimal
off-line assignment.

We say that a sequence of jobs can be assigned to m machines by an optimal
off-line algorithm if it can be assigned with a unit cost. We note some simple
properties of such sequences of jobs. First, the weight of all jobs must be at most
1 since a job that is larger than 1 cannot be assigned by any algorithm without
creating a load larger than 1. Second, the sum of weights of all jobs in a sequence
of jobs is at most m, the number of machines. That follows from the fact that
the optimal off-line algorithm can assign jobs with total weight of at most 1 to
each machine.
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3 Two algorithms with 5/3 stretching factor

In this section we present two algorithms with a stretching factor of 5/3 for the
on-line bin-stretching problem. These are actually two families of algorithms.
For each family we prove the same 5/3 upper bound.

We start with a simple algorithm with a stretching factor of 2: put each
arriving job on an arbitrary machine such that the resulting load on that machine
will not exceed 2. Obviously, if the algorithm does not fail to find such machine
it has a stretching factor of 2 by definition. In order to show that such a machine
is always available we notice that there must be a machine whose load is at most
1. Otherwise, all the machines have loads larger than 1 which contradicts the
fact that the optimal solution has maximal load 1. Since the weight of each job
is at most 1, each arriving job can be assigned to some machine which implies
that the algorithm never fails.

Our algorithms use a threshold o to classify machines according to their
loads. An appropriate choice of a will lead as described later to an algorithm
whose stretching factor is 1 4 a.

Definition 1. A machine is said to be short if its load is at most a.. Otherwise,
it s tall.

At the arrival time of job j, we define three disjoint sets of machines based
on the current load and the job’s weight.

Definition 2. When job j arrives, 1 < j < n, define the following three disjoint
sets:

(@) ={ieM|L(j—1)+w; <a}
(@) ={teM|L(j-1)<ea, a<l(j-1)+w; <l+a}

The set S is of machines that are short and remain short if the current job
is placed on them. The second set S3 is of machines that are short but become
tall if the job is placed on them. The last set S3 is of machines that are tall
but remain below 1 + « if the job is placed on them. Note that there may be
machines which are not in any of the sets. We omit the indices j and & when
they are clear from the context.

Using this definition we can now describe the two algorithms:

ALG1,: When job j arrives:

— Put the job on any machine from the set S3 or S; but not on an empty
machine from S; if there is a non-empty machine from Sj.

— If §; = S3 = ¢ then put the job on the least loaded machine from the set
Ss.

— If §1 = 83 = 83 = ¢ then report failure.

ALG2,: When job j arrives:

— Put the job on any machine from the set S;.
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Fig. 1. Sl, Sz and S3

— If §; = ¢ then put the job on any machine from the set S3.

— If §; = S3 = ¢ then put the job on the least loaded machine from the set
Ss.

— If §1 = 83 = 83 = ¢ then report failure.

Notice that these two algorithms are actually families of algorithms. In the
first algorithm we are free to choose how to select a machine from S3 and whether
we put a job on a machine from S; or from S3. In the second algorithm we are
free to choose how to select a machine from S; and from Sj3.

Note that since the algorithms assign job j only to machines from the sets
S1(7), S2(j) and Ss(j), their stretching factor is at most 1 + « as long as they
do not fail. For 1 < 4 < 3 let J; be the set of jobs j assigned to a machine in
Si(4) at their arrival time by the algorithm.

1+o¢

1 m
[ ]Jobsinthe setJ, [7] Jobs in the setJ, [ Jobs in the set J,

Fig. 2. Jl, Jz and J3

Theorem 1. ALG1, above never fails for « > 2/3. Therefore, for a = 2/3 it
has a stretching factor of 5/3.
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Theorem 2. ALG2, above never fails for « > 2/3. Therefore, for a = 2/3 it
has a stretching factor of 5/3.

In order to prove the above theorems we assume by contradiction that ALG1,,
or ALG2, fail on the last job of some sequence of n 4+ 1 jobs and that this
sequence can be assigned by an optimal algorithm. We start with the following
simple lemmas:

Lemma 1. At time n all the machines are tall and there are at least two ma-
chines whose load is less than 1..

Proof. At time n, when the last job arrives, the three sets, S1, S; and S3 are
empty. Hence, l;(n)+wp41 > 1+aforall 1 < i < m. Since the weight of each job
is at most 1, l;(n) > 1+ o — wp41 > a for all 1 < 4 < m. Thus, all the machines
are tall. Assume by contradiction that except a machine ¢, all the machines have
loads of 1 or more. When the last job comes, l;(n) + wpt1 > 1+ a > 1 and
since all other machines also have loads of 1 or more it implies that the sum of
all loads is above m which contradicts the fact that the sequence of jobs can be
assigned by an optimal algorithm.

Corollary 1. The last job is larger than a.

Proof. At time n, when the last job arrives, there is a machine ¢ whose load is less
than 1 by lemma 1. Since the algorithm fails to assign the last job, 1 4+ wp41 >
14+ aorwygr > a.

To utilize some of our lemmas for the improved algorithm we use a more
general formulation. Consider a subset M’ C M of machines. We define the
notion of composed algorithm D(ALG, M') where ALG is ALGl, or ALG2,
on a sequence of jobs I and a set of machines M as follows: The algorithm decides
on an arbitrary set I' C I and assigns it to a machine in M’ and it assigns the
rest of the jobs to a machine in M — M’. The assignment of jobs I' is done by
running algorithm ALG on the set of machines M’'. However, the jobs in I — I
are assigned to a machine in M — M’ in any arbitrary way. Moreover, we make
no assumption on the sequence I, for example, the optimal algorithm may not
be able to assign them in M without exceeding a load of 1 (in particular, jobs
of weight larger than 1 may exist).

Note that D(ALG, M') is the same as ALG for M’ = M. We already proved
that if ALG1, or ALG2, fail on the n+ 1 job of sequence J of jobs then at time
n all the machines are tall and there are two machines whose load is less than
1. Meanwhile, for the composed algorithms we assume that after a sequence of
n jobs I was assigned by D(ALG, M') all the machines from the set M’ are tall
and two of them have loads below 1. This assumption is used until (including)
lemma 6. Also, we assume that 0 < o < 1 unless otherwise specified.

Define the raising job k; of machine 2 € M’ as the job that raises machine
from being short to being tall. More formally, /;(k;) > o« and I;(k; — 1) < a. The
raising jobs are well defined since we assumed that all machines from M’ are tall.
Rename the indices of the machinesin M’ to 1,...,m' such that k; < kz < ... <
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km 1.e., the order of the machines in M’ is according to the time the machines
crossed . From now on, all the indices are according the the new order. Note
that the set of the raising job is Js. Denote by s;, sy the two machines in M’
(s1 < s3) whose load is less than 1 at time n.

Lemma 2. If at time n, the load of some machine i € M' is at most | then
wg, >1+a—1 fori >4,i e M.

Proof. Both ALG1l, and ALG2, assign jobs to machines from S; only if the two
other sets are empty. By definition of k;:, at time k;» — 1, job k;» arrived and was
assigned to machine ¢'. By the definitions of S; and k;r, machine 7' was in the
set Sa2(k;) and therefore the sets Si(ki) and Ss(k;:) were empty. Machine ¢ was
already tall at that time since 7 < #'. This implies that at time k;; — 1 machine
t was not in Sp(k;r). Hence li(ky — 1)+ w; > 1+ aorw; > 1+a—i(ky—1) >
l4a—-Ln)>1+a—1

Since we assumed the load of machine s; is at most 1 at time n, the lemma
above implies:

Corollary 2. Jobs k; for s; < i <m' are larger than a.

Let f; = l;(ki — 1) for 1 < 4 < m/. This is the load of each machine just
before it was raised by the raising job.

1+o¢

1 m
[ ]Jobsin the setJ, [7]Jobs in the set J, ] Jobs in the set J,

Fig. 3. The series f;. Only machines from M' are shown for clarity.

Lemma 3. For i > 1, both in M', fi <ly(ki—1) < fir.

Proof. At time k; — 1 the load of machine 7 is f; by definition. At this time,
by definition of k;, machine 7 is in the set S which means that S; and S3 are
empty. Thus, at the same time, each machine ¢’ > ¢ must be in S5 or not in any
of the sets. Note that if the load of machine 7’ is below f; at time k; — 1 then
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it is in S2(k;) since machine 7, whose load is higher, is in S2(k;). Therefore, the
load of machine ¢’ is at least f; since both algorithms choose the least loaded
machine from S3. Machine 4’ is still short so its load is at most f;r.

Corollary 3. The series f; , 1 < i< m', is non-decreasing.
Lemma 4. Fori< sy, i <1l—a.

Proof. According to corollary 2, wg,, > a. Since the load of machine s, is below
1 at time n,

1> 152(1’1,) Z 152(k52) = lSz(k-iz - 1) + wks2 = fsz + wksz'

Therefore,
fo, <l—wg,, <1l-oa.

By corollary 3, f; <1 — a for ¢ < s3.

Note that up to now our proof was not specific to one of the algorithms. Now
we focus our attention on the first algorithm. Recall that we still assume that
the set of jobs I is assigned by algorithm D(ALG1l,, M') or D(ALG24, M') to
the set of machines M.

Lemma 5. At any time of the activity of D(ALG1,, M'), there is at most one
non empty machine in M' whose load is at most §.

Proof. Assume by contradiction that at a certain time there are two such ma-
chines. Let j be the first job that its assignment created two such machines. Thus,
job 7 arrived and was placed on an empty machine i3 while another non empty
machine i; had a load of at most §. Clearly w; < § and I;,(j — 1) + w; < c.
Therefore 1 € S1(j) and job j should have been assigned to ;.

Lemma 6. Assume o > 2/3 and D(ALG1,, M') assigns a set of n jobs I to a
set of machines M. Then the weight of each job ki, 1 <1 < m/', is more than a.

Proof. We have already seen in corollary 2 that jobs k; for s; < 7 < m' are larger
than a. Now we show that jobs k; for ¢ < s; are also larger than a.

By lemma 4, f;, and f,, are both below 1 — a. According to lemma 3,
fsr < lsy(ks, — 1) < fs,. Recall that the load of machine s; at time k;, — 1 is
fs,- At that time, the loads of machines s; and s; are below 1 — a < . Thus,
by lemma 5, the less loaded machine, s1, is empty, or ls, (k;, — 1) = fs, = 0. By
corollary 3, f; = 0 for all machines ¢ < s;. A small f; implies that machine % has
a large raising job. More formally, for 7 < sy:

wi; = Li(ki) —li(ki — 1) = Li(ki) — 0> e

Now we are ready to complete the proof of theorem 1. Assume that ALG1,,
fails on the n+1 job of a sequence J of jobs. After the n jobs have been assigned,
all the machines are tall and there are two machines whose load is less than 1
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by lemma 1. We take M’ = M and therefore I' = I where I is the set of jobs
J without the last job. The previously defined series k; is now defined over all
machines since we took M' = M. By lemma 6, for @ > 2/3, this implies that
there are m jobs larger than . Corollary 1 shows that the last job is also larger
than a. We showed there are m+ 1 jobs larger than a. This contradicts the fact
that the number of jobs of weight larger than 1/2 is at most m since the optimal
algorithm can assign at most one such job to each machine. This completes the
proof of theorem 1.

The proof of theorem 2, i.e. ALG2, has the same stretching factor, is omitted.

4 Improved Algorithm

In this section we present an improved algorithm whose stretching factor is 1.625.
The improved algorithm combines both of the previous algorithms into a single
algorithm.

At the arrival time of job j we define five disjoint sets of machines based on
the current load and the job’s weight.

Definition 3. When job j arrives, 1 < j < n, define the following five sets:
- Sh)={teM|L(G-1)+w;<a, L(j—1)+w; <2a—1}

(
—Sf‘z(]) fie M| L{H-D+wj <a, Li(j-1) <2a-1, Li(j-1)+w; > 2a—1}
i) ={ite M |L(j - 1)+w]Sa k(7 —1)>2a—-1}

.5'2(]) fteM|L(-1)<a,a<li(j—-1)4w; <1l+a}
-850 ={ieM|L(G-1)>e L(i-1)+w <1+a}

Note that the previously defined S; is split into three sets according to a low
threshold of 2a — 1. We still use the notation S; for the union of these three sets.
We omit the indices j and o when they are clear from the context. The sets Ji,
Jy and Js are defined as in the previous section.

Improved Algorithm: When job j arrives:

Put the job on a machine from the set S; according to:

e Put the job on any machine from the set Si3 or S1; but not on an empty
machine from the set Si; if there is a non-empty machine from the set
S11-

e If §11 = 513 = ¢ then put the job on the least loaded machine from the
set 512.

If §; = ¢ then put the job on the earliest machine from the set S3, that is,
the machine that was the first to cross the threshold & from all machines in
Ss.

If S; = S3 = ¢ then put the job on the least loaded machine from the set
Ss.

If Sy = 83 = 83 = ¢ then report failure.
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This improved algorithm is contained in the family of ALG2, presented in
the last section. Our algorithm, however, defines the methods used in placing
jobs on machines from the sets S; and S3. The way we choose a machine from
S1 is by the method presented in ALG1,. In choosing a machine from S3 we
prefer the earliest machine according to the order of crossing the threshold. The
proof of the theorem below is omitted.

Theorem 3. The improved algorithm above never fails for 5/8 < a < 2/3.
Thus, for a = 5/8 it has a streiching factor of 13/8.

5 Lower Bounds

In this section we prove a general lower bound of 4/3 on the stretching factor of
deterministic algorithms for any number of machines. We show a lower bound
of 5/3 — € for arbitrary small € for the family of ALG1, and a lower bound of
13/8 — ¢ for arbitrary small € on the stretching factor of our improved algorithm.
Note that it is impossible to show a lower bound of 5/3 — € for ALG2,, since the
improved algorithm is in that family. In these two cases we assume the number
of machines is large enough. The details of all the lower bounds are omitted.
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Abstract. We consider a class A of generalized linear programs on the
d-cube (due to Matousek) and prove that Kalai’s subexponential simplex
algorithm RANDOM-FACET is polynomial on all actual linear programs
in the class. In contrast, the subexponential analysis is known to be
best possible for general instances in 4. Thus, we identify a “geometric”
property of linear programming that goes beyond all abstract notions
previously employed in generalized linear programming frameworks, and
that can be exploited by the simplex method in a nontrivial setting.

1 Introduction

While Linear Programming (LP) is known to belong to the complexity class
P [17], its combinatorial complexity in the unit cost (RAM) model is as yet
unresolved. This means, it is not known whether there is a polynomial p(n,d),
such that every linear program with n constraints in d variables can be solved
in time p(n,d), if all arithmetic operations are assumed to incur unit cost. In
other words, no strongly polynomial algorithm for LP is known. One motivation
for getting down to this problem is the simplex method, the oldest and still most
widely used algorithm to solve LP [6]. The simplex method naturally lends itself
to unit cost analysis, where the basic complexity measure is the number of pivot
steps which in turn depends on the pivot rule chosen. The hope is that eventually
a pivot rule is discovered where this number can be bounded by a polynomial in
n and d.

Previous results in this direction are rather discouraging. For the pivot rule
originally proposed by Dantzig [6], Klee and Minty have constructed a class of
LP (the so-called “Klee-Minty cubes”) where this rule leads to an exponential
number of steps [18]. In the sequel, such worst-case examples have been found
by various researchers for almost all known deterministic pivot rules, see [12] for
an overview and [2] for a new unified view of these examples.

A few years ago, progress has been made using randomized pivot rules. The
subexponential bounds independently established by Kalai [15] as well as Ma-
tousek, Sharir and Welzl [19] are far from being polynomial, but they still rep-
resent a breakthrough towards the goal of understanding the complexity of LP
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0 Springer-Verlag Berlin Heidelberg 1998



Combinatoria Linear Programming: Geometry Can help 83

in the RAM model. The currently best algorithm based on these results invokes
algorithms by Clarkson and achieves (for n > d) expected runtime

O(d’n + exp(O(\/dlogd))),

see [11] for a survey. If n = O(d), one can even prove a bound of exp(O(v/d))
[15].

A remarkable fact about the subexponential pivot rules is that they are
combinatorial in the sense that actual coordinates of the LP are only used to
decide whether progress is possible in a certain situation, but not to measure, let
alone maximize that progress in any way. This is in sharp contrast to the pivot
rules employed in practice, where strategies that adapt to the given instance as
well as possible are typically most successful.

In the theoretical setting, this “ignorance” is rather a strong point, in par-
ticular when combined with randomization (which is just an elegant way to
deal with ignorance). The worst-case constructions above all work by “penal-
izing” behavior that is either based on the coordinates of the problem (like in
Dantzig’s rule) or on deterministic choices foreseeable in advance (like in case
of Bland’s rule [4]). Randomized combinatorial rules are harder to fool by such
examples, and the subexponential bounds established in 1992 are still the best
known worst-case bounds for LP.

Another advantage gained by ignorance is generality; in fact, the algorithm
by Matousek et. al. requires only very basic properties of LP in order to work,
and these properties are shared by many other problems, including nonlinear and
even nonconvex optimization problems, for which in some cases the best known
bounds are obtained using the uniform algorithm for the general problem class
[19,21]. The abstract class of problems amenable to this approach has been
termed LP-type problems.

Similarly, Kalai’s subexponential algorithm works in the more general setting
of so-called abstract objective functions (AOF), which he uses as a tool to derive
extremely simple and beautiful proofs for known and new facts in LP and poly-
tope theory [16]. While his algorithm is a primal simplex algorithm under the
pivot rule RANDOM-FACET (which we discuss below), the algorithm of Matousek
et. al. is a dual version of it.

As it turns out, the concepts of LP-type problems and abstract objective
functions are basically equivalent, and similar to still other attempts to gen-
eralize linear programming in connection with the simplex method [1,8]. In a
sense, these frameworks represent all properties of LP that have been found
to be useful in combinatorial algorithms so far. No property of LP not present
in these frameworks is known that can provably speed up the existing subex-
ponential algorithms, or help in devising new ones with better runtimes. It is
even possible that the subexponential bounds that have been established are a
gross overestimate, and that the behavior is in fact polynomial on actual linear
programs.

At least in the abstract setting, however, the subexponential analysis is tight.
This has been shown by Matousek [20] who constructed a class of LP-type prob-
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lems (containing LP and non-LP instances) with n = 2d constraints, on most of
which the algorithm in [19] is indeed subexponentially slow. He failed, however,
in proving an actual LP in the class to have this property, and the question
remains open whether linear programs have some distinguishing feature which
allows them to be handled faster by the algorithms in [15] and [19] (or any other
combinatorial algorithm).

In this paper we show that such a distinguishing feature exists at least among
the problems in the abstract ‘worst-case’ class constructed by Matousek. In
particular, after reformulating these problems as abstract objective functions
(where they appear as generalized linear programs on a d-cube), we prove that
Kalai’s RANDOM-FACET algorithm handles the LP instances among them in
O(d?) time. It follows that the ‘slow’ examples in the class must be non-LP
instances. The result is obtained by characterizing a certain necessary condition
for being an LP instance in terms of a simple combinatorial property.

Although Matousek’s class is only a small subclass of all AOF on the d-cube,
this result is interesting in two respects. On the one hand it shows that even a
completely ignorant pivot rule like RANDOM-FACET can implicitly “recognize”
LP instances, which raises hopes that it might make such a distinction also on the
general class of all AOF, ultimately leading to a strongly polynomial algorithm
for LP.

On the other hand, we derive the first combinatorial property of LP that
goes beyond the ones present in the abstract frameworks considered so far, and
that can algorithmically be exploited in a nontrivial setting.

Note that as an isolated fact, the polynomiality of RANDOM-FACET on the
LP instances in Matousek’s class is not remarkable; there are other (even very
trivial) algorithms that achieve this for all problems in the class, as will become
clear below. The interesting statement is that RANDOM-FACET is fast on the LP
instances, although it is slow on other instances. This means, the LP instances
are provably easier is this context; a similar statement in the general situation
would be a major step forward.

Figure 1 summarizes the situation. The main challenge remains to replace
the question mark in that figure by a meaningful bound. One way of achieving
this could be to extract more useful combinatorics from the rich geometry of LP.
In a specific situation, our result presents a first approach.

The paper is organized as follows. In Section 2 we introduce the concept of
abstract objective functions on a polytope.

Section 3 turns to the special case where the polytope is a d-dimensional
cube, and describes the simplex algorithm with Kalai’s pivot rule RANDOM-
FACET, specialized to that situation. We also derive the subexponential upper
bound for the case of a cube, where it is simpler to obtain than for general
polytopes.

Section 4 introduces Matousek’s class of AOF on the d-cube, along with a
review of his lower bound proof. Finally, Section 5 contains our new polyno-
mial analysis of RANDOM-FACET for the LP instances in Matousek’s class. A
conclusion appears in Section 6.
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Matousek’s class

Fig. 1. Complexity of RANDOM-FACET, known bounds for n = 2d

2 Abstract Objective Functions

LP can be formulated as the problem of minimizing a linear objective function
in d variables over a polyhedron, given as the intersection of n halfspaces in R%.
Without loss of generality, one can assume that the polyhedron is simple and
bounded, so that the feasible region of the LP is a simple polytope P, meaning
that every vertex has exactly d incident edges. In this setting, the simplex method
traverses the graph of vertices and edges of P — along a path of decreasing
objective function value — until the traversal ends in a vertex of minimum value.
A pivot rule decides at each intermediate vertex which decreasing edge will be
followed, in case there is a choice. (See [5] for a thorough introduction to the
simplex method.)

The fact that the traversal actually ends in a vertex of minimum value and
not just in some local minimum is an obvious but important feature of LP.
Moreover, this property holds for every face F' of P because F' is a polytope
itself. This means, the simplex method can be used to find face minima, and
this is a crucial substep of the RANDOM-FACET rule we introduce below.

If the pivot rule is combinatorial, it will classify edges incident to the current
vertex only by the property of being increasing or decreasing with respect to the
objective function. Geometric notions of “steepness” or “amount of progress” as
frequently considered by pivot rules in practice are not taken into account.

In that situation, however, the geometric information that is actually used
boils down to an acyclic orientation of the graph of P with the property that
the subgraph induced by a face F' has a unique sink, for every nonempty face
F of P. If an orientation with these properties is obtained by assigning distinct
‘abstract’ objective function values ¢(v) to the vertices v (with the meaning that
edge {v,w} is directed v — w if and only if ¢(v) > ¢(w)), we call ¢ an abstract
objective function on P.

It is clear that every linear functional in general position w.r.t. P is an AOF,
but there are more, as we will see soon. All simplex algorithms with combinatorial
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pivot rules can be run on an AOF and will discover the vertex v of minimum
value ¢(v) in P.

It is worth noticing that AOF do not only arise in connection with the simplex
algorithm; in fact, they have a surprizing interpretation as shelling orders of P%,
the polytope dual to P [13].

3 The RANDOM-FACET simplex algorithm

An important special case (which we deal with exclusively in the sequel) arises
when P is combinatorially equivalent to the d-dimensional cube C?. In this case,
the vertices can be identified with the set of 0/1-vectors V := {0,1}?, where it
is convenient to view ) as the vector space GF(2)? over the two-element field
GF(2). Two vertices v,v" are adjacent in the cube graph if and only if they differ
in exactly one component, i.e. if v — v’ = e; for some unit vector e; € V.

The nonempty faces of C'¢ can be identified with pairs (v,S), v € V, S C
[d] :={1,...,d}, where

(v,8) ~{v €V |v;=v;Vi¢gS}

Thus, the face (v, S) consists of all vertices that agree with v outside of S. The
dimension of (v, S) is |S], and we have (v,[d]) ~ C? and (v, () ~ {v}.

Now we are prepared to describe the algorithm RANDOM-FACET for an AOF
¢ on the d-cube. Its basic idea is as follows. Given some vertex v, choose a facet
F containing v at random and recursively find the vertex v’ of smallest value
d(v') in F.If p(v") < ¢p(v"), where v is the unique neighbor of v’ not in F, then
stop and return v'; otherwise, repeat from v”. In pseudocode, the algorithm can
be described as follows (v is the current vertex and (v, S) denotes the face to be
handled—initially, it is the whole cube).

Algorithm 1.

RANDOM-FACET(v, S):

IF S = () THEN
RETURN v
ELSE

choose ¢ € S at random
v’ :=RANDOM-FACET(v, S \ {i})
IF ¢(v') < ¢p(v' + e;) THEN
RETURN o'
ELSE
v i=v e
RETURN RANDOM-FACET(v", S)
END
END
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Because in the first recursive call the set S gets smaller, and in the second
recursive call we have ¢(v"”) < ¢(v), the algorithm eventually terminates and
returns the vector

opt(v, S)

satisfying ¢(opt(v,S)) = min(v, S), where we set min(v, S) := min, ¢y, s5) ¢(v').
Here we need the AOF property that the local face minimum returned by the
algorithm is actually a global face minimum.

The complexity of the algorithm can be estimated by counting the number of
pivot steps, which is the number of times the operation v" := v' + e; is executed
throughout the algorithm. It is easy to see that the overall number of operations
is larger by a factor of at most O(d). Here is a sketch of the subexponential
bound on the expected number of pivot steps.

Consider a pair (v,S) and ¢ € S. We say that i is fized w.r.t. (v, S) if ¢(v) <
min(v + e;, S \ {i}). This means, v is “better” than the best vertex in (v, S)
that differs from v in the i-th position. Consequently, if we start the algorithm
RANDOM-FACET on (v,S), the i-th position will never get flipped, because all
vertices encountered throughout are at least as good as v itself.

The hidden dimension of (v, S) is then defined as

h(v,S) :=1|S|—|{i € S| i is fixed w.r.t. (v,5)}|

The motivation for this definition is that although the face (v, S) has dimen-
sion |S], the actual degree of freedom w.r.t. the algorithm RANDOM-FACET is
only h(v, S).

The following is the crucial fact: if A(v,S) = k and the non-fixed indices in
S are ordered such that

min(v, S\ {i1}) > --- > min(v, S\ {ir}),

then the hidden dimension of (v",S) is at most k — ¢ if i = iy in the algorithm.

Now let T'(k) denote the maximum expected number of pivot steps that occur
in a call to RANDOM-FACET(v, S), where (v, S) has hidden dimension k. From
the preceding discussion one easily proves that 7'(0) = 0 and

k
T(k) < T(k Z1+Tk 0)),

wlv—‘

for k > 0. From this, an upper bound of T'(d) < exp(2v/d) — 1 for the expected
number of pivot steps follows, see [7, Lemma 5.21] for a derivation of this bound.

4 Matousek’s Lower Bound Construction

Matousek considers special AOF on the d-cube, defined by regular, lower-triangu-
lar matrices A € GF(2)??. Such matrices have one-entries along the main
diagonal and arbitrary entries below. For given A, an AOF ¢ is defined by

¢(v) = Av for all v € V, (1)
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where the values are compared by lexicographical order over GF(2)?,i.e. w < w'
if w; = 0 at the smallest index where w; # w}. If we consider the values w as
d-bit binary numbers wyws . . . wg, we get an intuitive interpretation of this order
as the usual order among natural numbers.

It follows that v = 0 is the optimal vertex of the whole cube C¢ for every
matrix A. To see that ¢ is indeed an AOF, we need the following

Lemma 1. Let (v,S) be a face. We have v = opt(v,S) if and only if (Av); =0
for alli e S.

Proof. Assume v = opt(v, S). Then v is in particular a local minimum in (v, S),
ie. Av < A(v+e;) = Av+ A; for all i € S, where A; is the i-th column of A.
Because A is lower-triangular with a;; = 1, the first index where Av and Av + A;
differ is 4, and this implies (Av); = 0.

Now assume (Av); = 0 holds for all i € S, and let v' be some other vertex in
(v,5). Let j € S be the smallest index where v and v’ differ. Again, the shape
of A implies that j is then also the smallest index where Av and Av' differ. By
assumption we must have (Av'); = 1, so ¢(v') > ¢(v). Because this holds for all
v', v = opt(v, S) follows. O

The proof shows in particular that (v, S) contains exactly one local minimum,
namely opt(v, S), and this proves the AOF property. The lemma also suggests the
following alternative formulation of RANDOM-FACET, based on handling values
w = Awv instead of vertices v.

Algorithm 2.
RF-Frip(w, S):

IF S = () THEN
RETURN w
ELSE

choose i € S at random
w' :=RF-Frip(w, S \ {i})
IF w} = 0 THEN
RETURN w'
ELSE
w' =w' + A;
RETURN RF-Frip(w"”, S)
END
END

It is obvious that RANDOM-FACET(v, S) is equivalent to RF-FLIP(Av, S).
The latter, however, is more convenient in the following sketch of Matousek’s
lower bound proof. An intuitive feature of RF-FLIP is that every “pivot step”
w'" ;= w' + A; decreases the value currently maintained by the algorithm. More-
over, the actions of RF-FLIP(w, S) only depend on the |S| x |S|-submatrix A(S)
of A consisting of the rows and columns with indices in S, and on the vector wg,

the restriction of w to S.
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Let us first define a concept of rank for pairs (w,S), similar in spirit to the
hidden dimension for pairs (v, S) in the previous section. If S = {i1,...,in},
i1 < -+ <ipy, and ¢t is the smallest index such that w;, = 1, then we define

r(w,S) =S| —t+1.

If no such t exists, we set r(w, S) = 0. In other words, r(w, S) is the number of
significant bits in the binary number interpretation w;, w;, ... w;,, of ws.

Let Ts(k) denote the expected number of pivot steps in a call to RF-
Frip(w, S), where A is a random lower-triangular matrix with a; = 1 for all
i, and w is a random vector with r(w,S) < k. This means, the expectation is
over A,w and the choices of i in the algorithm. Because A and w are random,
Ts(k) only depends on the size of S. W.l.o.g. we can assume |S| = k, because
insignificant bits in wg remain insignificant throughout the algorithm and thus
never lead to pivot steps. This means, we can write T'(k) instead of Ts(k)

The crucial observation is that if the second recursive call is executed at all
(which happens with probability 1/2, depending on the bit w; of the start value
w), then r(w"”,S) < k — £ if i = 4,. This follows quite directly from Lemma 1.
Moreover, w' is of the form w’ + A; and therefore random again, because A;
was random. It remains to observe that the actions of RF-FLIP(w",S) do not
depend on A; anymore, so that w" is independent of the (random) entries of the
matrix that are still relevant. From this, one can prove that 7'(0) = 0 and

A
T(k)=T(k—1)+ % (Z(l +T(k - é)) ,

(=1

for k > 0, see [20] for details. A subexponential lower bound of
T(d) = G exp(\/ﬁ)> (2)

for the expected number of pivot steps in the whole cube C? follows, see [7,
Result 6.10].

We note that this proof can be derandomized, i.e. we can construct a fixed
matrix A and a fixed start value w such that RF-FLIP(w, [d]) is subexponentially
slow (with worse constants than in (2), though). This construction will appear
in the full paper.

5 A Polynomial Bound for the LP Instances

In this section we show that the subexponential lower bound developed in the
previous section does not apply to the LP instances in Matousek’s class which we
also call realizable instances below. We prove that RANDOM-FACET solves any
realizable instance with an expected polynomial number of O(d?) pivot steps.
The proof consists of two stages. In the first stage we observe that if the
AOF generated by a matrix A is realizable, then A does not contain certain
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forbidden submatrices which come from 3-dimensional realizability restrictions.
Subsequently we show that this imposes a rather strong condition on A~! which
already implies that most matrices A generate non-realizable instances.

In the second stage, we show how RANDOM-FACET exploits the structure of
A~! to arrive at a polynomial bound.

5.1 Three-dimensional Realizability Restrictions

An AOF ¢ on the d-cube C? is realizable if and only if there exists a polytope
P, combinatorially equivalent to the unit d-cube [0,1]¢ (we say that P is a
combinatorial d-cube in this case), and a linear objective function o : RY — R,
such that the orientation generated by a on the graph of P is isomorphic to the
orientation generated by ¢ on C'?. Note that we cannot assume P to be equal to
the unit cube in this definition. For example, any AOF ¢ on the 2-cube satisfying
#(0,0) < ¢(1,0) < ¢(1,1) < ¢(0,1) generates the orientation of Figure 2 (left),
and it takes a “deformed” unit square to realize it, see Figure 2 (right).

y

A

Fig. 2. Orientation not realized by unit cube

A necessary condition for realizability is of course that the directed subgraphs
induced by ¢ on the 3-dimensional faces of C? are realizable in this sense. The
following lemma develops a condition for this in case of Matousek’s AOF.

Lemma 2. Assume the AOF generated by A € GF(2)™ ¢ is realizable. Then
for all S C [d], |S| = 3, the submatriz A(S) is not equal to

100 100
Ar:=(1010 or Ay:=1110],
111 011

Proof. It is easy to check from the definition (1) of Matousek’s AOF that A,
and As generate the C3-orientations depicted in Figure 3.

In [10] it is shown that these orientations do not come from a linear objective
function on a combinatorial 3-cube (they are actually the only ones on the 3-
cube that don’t, up to isomorphism). Another way to see this is due to Holt and
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Fig. 3. Cube orientations generated by A; (left) and A» (right)

Klee who have shown—based on [3]—that a necessary condition for realizability
is the existence of three vertex-disjoint directed paths between source and sink
[14]. In either of the two orientations in Figure 3, only two such paths can be
found.

From the interpretation of RANDOM-FACET as Algorithm 2 RF-FuLip it is
clear that the orientation induced by A on a 3-face (v,S) is isomorphic to the
orientation induced by A(S) on C3. Because the former is realizable by assump-
tion, A(S) must be distinct from A; and As. a

As it turns out, the forbidden submatrix conditions established by the Lemma
are quite strong and manifest themselves directly in A=! (which is again lower-
triangular). The following is the crucial result.

Theorem 1. If A does not contain submatrices A(S) = Ay or A(S) = As, then
A=Y has no more than two one-entries per row (including the diagonal one).

d
This shows that among the 2(2) matrices A, at most d! ~ 271777 geperate
realizable instances.

Proof. Because A is invertible and lower-triangular, each column A; can be writ-
ten in the form
A =e; + Z Aj, (3)
J€J (i)
where J(i) C {i +1,...,d} is a unique index set. We now prove two claims. For
this let A = (a;5),1 <14,j <d, i.e. a;; is the element in row ¢ and column j.

Claim 1. For all i, the columns Aj;, j € J(i) are disjoint in the sense that no two
of them have a one-entry in the same row.

Proof (of Claim 1): assume on the contrary that j; < j» < k exists such
that ji,j2 € J(i) and ax,j, = ax,j, = 1. Suppose that (j2, k) is lexicographically
smallest with this property.

Case 1. j, < k. Then we have the situation of Figure 4 (left), and because (j2, k)
was lexicographically smallest with ay j, = axj, = 1, we have x = a;, j, = 0,
which gives a forbidden submatrix.
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k 1]
J1 ]2 k [ J1 Jo

Fig. 4. Case j» < k (left), j» = k (right)

Case 2. j» = k. Then the situation is as in Figure 4 (right). Because in rows
Jj € J(i),j < ji1, position j; must be zero (otherwise we had a lexicographically
smaller conflict again), it follows that ¥ = a;, ; = 1. For the same reason, in all
columns j € J(i), j # j1,J < jo, position k is zero. But this implies # = ay,; = 0,
and we have a forbidden submatrix again

Claim 2. The index sets .J(i),i € [d] are pairwise disjoint, i.e. in representing the

columns according to (3), every column A; is used for at most one other column
A;.

Proof (of Claim 2): assume a column A; is used twice for distinct columns
Ai, Aiy, i < ig < j. Because A; is disjoint from all other columns used to
represent A;, resp. A;,, we get a;;, = a;;, = 1, see Figure 5 (left). In order not
to get a forbidden submatrix, we must have x = a;, ;; = 1.

ip |1
- j 1]
i |1
iy |*] 12 I 11
i1 i [1] -
I 12 j i I I2 j

Fig.5. A; is used for A;, and A;, (left), A;; and A; contribute to A;, (right)
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Let j' € J(i1) be the column ‘responsible’ for the one-entry a;, ;,. We must
have j' # i» because A; is disjoint from A;. Therefore, j < i2, and the situation
is that of Figure 5 (right).

Because both A; and A; contribute to A;,, they are disjoint, and x = a; j» =
0 must hold. Then, however, we have a forbidden submatrix once more.

Now we are prepared to prove the statement of the Theorem, which follows
if we can show that the columns of M := E + A~! are disjoint in the sense
previously defined, where E is the unit matrix. The ¢-th column of M is given
as

M; =e; + A;l = Ail(Ai —+—ei) = A"t Z Aj = Z €;.
JE€J(3) J€J(3)
The disjointness of the J(i),7 € [d] now immediately implies the disjointness of
the columns M;. O

5.2 RANDOM-FACET under Realizability Restrictions

Theorem 1 implies that A~! is extremely sparse in the realizable case, and
this will entail that RANDOM-FACET is fast on the AOF induced by A. Before
we go into the formal analysis, here is the intuitive argument why this is the
case, and how the inverse matrix A~! comes in. Consider starting the algorithm
on the pair (v, [d]). With probability 1/d, the first recursive call will compute
v' = opt(v,[d] \ {i}), for some i € [d]. We know from Lemma 1 that Av' =0 or
Av' = e;, and only in the latter case, the algorithm performs a second recursive
call, starting with the vertex v" = v’ + e;. It follows that

V= AT AW +e) = AT e+ A) = A7 + ey

This means, the possible v’ coming up in the second recursive call are nothing
else than the pairwise disjoint columns of the matrix M considered in the proof of
Theorem 1. Now, if that call fixes some position j € [d] in its first recursive step,
it fixes a zero position with high probability, because v;-’ # 0 for at most one i.
This means that already after the first recursive call in RANDOM-FACET(v", [d]),
the problem has been optimally solved in d — 1 out of d cases, because fixing a
zero means that the optimal vertex 0 lies in the facet that is being considered.

In the following formal derivation of the O(d?) bound, it will be more con-
venient to argue about the algorithm RF-FLIP instead. Let T'(w, S) be the ex-
pected number of pivot steps in a call to RF-FLiP(w, S), and define

w'? :=e; + A;, for all i € [d].

The following equation is the basis of the analysis.
Lemma 3. Let |S| = m > 0 and define opt(w,S) to be the value returned by
RF-FLip(w, S). With w(™) := opt(w®, S\ {j}) we have

; 1 . ) .

) gy L (1) , () (i) _

Tw?,8) =23 (T, 8\ {5} + (1 + TP, S =1)). (@)
j

Here, [] is the indicator variable for the event in brackets.
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The proof follows immediately from the description of RF-FLIP in Algorithm
2, together with the following little observation: the value w’ = w7 computed
from the first recursive call satisfies wj, = 0 for all k£ € S\ {j} by Lemma 1.
Exactly if w}j = 1, we have a second recursive call with value w" = w' + A;.
We do not necessarily have w” = w?) as suggested by the equation, but when
we restrict both values to S, they agree. As previously observed, we then have
T(w",S) =T(w",S).
Define

=> Tw",89).

i€eS
Using (4) and the fact that T(w®@, S\ {j}) = T(w®,S) (the bit v} is in-
significant and does not contribute any pivot steps in RF-FrLip(w(®,S))), we
obtain

:—Z ( (S\{yjh + (1+T(w(j),5))2[w§-l’3) :1]) , m>1
JES i€eS
B (5)
The claim now is that w'"? = 1 for at most one i. We have wJ(-“) =0 (w(-])
is an insignificant bit which therefore never gets flipped in a pivot step), and for
i # j we can argue as follows. By definition of w(*) we know that

(i) w'™ =0forall k € S\ {j}, and
(i) (A_l(w(l) —w®))), =0, for all k ¢ S\ {j}.

The second condition holds because the vectors corresponding to the two values
are in the same facet (v, S\{j}). Condition (ii) implies (A(S)*l(w(s) w(s’])))] =
0. Using the definition of w(? and property (i), one deduces that wg J) s equal
to entry i in row j of A(S)™'. By Theorem 1 (which also applies to A(S)), at
most one of these entries is nonzero, and this proves the claim. Then, (5) implies

T(S) < m > 2.

m
—92’
jes

If we let T(m) := max|gj—m I(S) we get T(m) < (m/(m —2))(T(m — 1) + 1),

for m > 2 and T(2) < 1 (by directly inspecting the possible cases), from which
we obtain

T(m) < 3(?) -m, m>2. (6)
To conclude the analysis we observe that
1 .
il ; ©)
Tw,S) < 3 (T, S\ {i}) + 1+ T, 9)),
JjES
for all start values w. With (6) and T'(m) := max,, |s|—n T'(w, S) we get T'(0) =
0,7(1) =1 and

T(m)gT(m—1)+1+%<3<ZL>—m>, m>2
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T(m) < ;(”;) +2

follows. This gives the main result of the paper.

Theorem 2. If the AOF defined by A € GF(2)**? via (1) arises from a linear
program on a combinatorial d-cube, then the expected number of pivot steps in
Algorithm 1 RANDOM-FACET is bounded by

§<d> +2r §d2,

from which

2\2 4

for any start vertex v.

6 Conclusion

We have shown that the simplex algorithm RANDOM-FACET takes an expected
O(d?) number of pivot steps on a subclass of Matousek’s AOF, characterized
by a sparsity condition according to Theorem 1. This subclass contains at least
all realizable instances, but we do not know whether it contains only realiz-
able instances. On the other hand, there are (non-realizable) instances in the
class where the expected number of steps is of the order 2(exp(v/2d)/d). This
means, we have presented the first scenario in which the known combinatorial
LP frameworks are provably weaker than LP itself.

Our O(d?) upper bound on the number of pivot steps is tight. Matousek’s
class also contains an instance equivalent to the d-dimensional Klee-Minty cube
(when all entries of A below the diagonal are one), and the behavior of RANDOM-
FACET on this polytope can completely be analyzed: for some start vertices, the
expected number of pivot steps is @(d?) [20,9].

The main open problem is to extend our result to AOF beyond Matousek’s
class. For example, is RANDOM-FACET in fact polynomial on all realizable AOF
on the d-cube? Even for this special polytope, nothing is known that goes be-
yond the subexponential bound of Section 3. It would also be interesting to
find a realizable AOF that requires asymptotically more than O(d?) pivot steps.
Namely, although there is no reason to believe that O(d?) is an upper bound
in the general case, no ideas are currently known that may possibly lead to
worse bounds. In this respect, the situation is quite similar to that of the algo-
rithm RANDOM-EDGE; here, the best lower bound that is known for AOF on
the d-cube is 2(d?/logd), even when nonrealizable AOF are admitted [9]. (In-
cidentally, this bound is obtained for the d-dimensional Klee-Minty cube again).
Breaking the d?-barrier from below would therefore require substantially new
classes of examples, for either of the two algorithms.
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Abstract. We relate the mixing time of Markov chains on a partial
order with unique minimal and maximal elements to the solution of as-
sociated linear programs. The linear minimization program we construct
has one variable per state and (the square of) its solution is an upper
bound on the mixing time. The proof of this theorem uses the coupling
technique and a generalization of the distance function commonly used in
this context. Explicit solutions are obtained for the simple Markov chains
on the hypercube and on the independent sets of a complete bipartite
graph.

As an application we define new a Markov chain on the down-sets (ideals)
of a partial order for which our technique yields a simple proof of rapid
mixing, provided that in the Hasse-graph of the partial order the number
of elements at distance at most 2 from any given element is bounded by
4. This chain is a variation of the Luby-Vigoda chain on independent
sets, which can also be used directly to sample down-sets, but our result
applies to a larger class of partial orders.

1 Introduction

When confronted with a large set of configurations (a state space), S, about
which little can be deduced analytically, one might attempt to estimate some
of its parameters by random sampling, i.e. by Monte Carlo methods. It is well
known [5] that the ability to sample states at random from a distribution close
to uniform (or some other weighting of the states w) is usually sufficient to
estimate, the size of the state space (or its weighted analogue, the partition
function, Z := Y _cw(z)).

1.1 The Markov chain Monte Carlo method

However even random sampling from S might be difficult. A general approach to
overcome this difficulty, is to start from some initial state Xo = x € S and then
apply some [ocal random transformation f for N > 0 steps, computing X; 1 :=
f(Xy), for 0 <t < N, to obtain a random state Xy € S. The process {X;} is
a discrete time Markov chain MC = (S, P) on S with transition probabilities P
satisfying P(z,y) = Prf(x) = y] for all z,y € S. If this Markov chain is ergodic

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'98, LNCS 1518, pp. 97-115, 1998.
[ Springer-Verlag Berlin Heidelberg 1998
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then the distribution of Xy, PV (x,-), will converge to the chain’s stationary
distribution, say m, as N grows large, thus providing a sample Xy from 7 with
small bias for sufficiently large /N. This method is often called Markov chain
Monte Carlo (MCMC), and its main difficulty is to define the random function
f, or alternatively the chain MC, such that it is possible to derive an upper
bound on the mizing rate of MC (the smallest ¢ so that P*(z,-) is close to ).
Such a bound can the be used to fix an integer /N that guarantees small bias.
While considerable progress has been made to bound the mixing rate it remains
a difficult task [2,11,7].

1.2 Overview of technique and results

Consider a Markov chain MC on a partially ordered set (S, P, Suin, Smax) that
has unique minimal and maximal elements s,,;, and s,,., respectively. Let us say
that MC is monotone if there exists a monotone transition function f for it, (see
Definitions 2 and 3). A rank function on the poset (S,C) is a strictly monotone
function h : S — N. In section 3 we define, for a given monotone Markov chain
MC, a set of linear constrains on a rank function h on S, such that the mixing
time of the chain is bounded essentially by h(s,..)? for any h satisfying the
constrains (Theorem 2). This means that we can obtain a bound on the mixing
rate as the solution to the linear minimization program:

minimize h($max) subject to h € Ho

where Hj is the polyhedra defined by the linear constrains on h. Basically we use
a simple coupling for the Markov chain and a special kind of distance function
(defined by a rank function) to bound the coupling time and therefore also the
mixing rate (see Remark 1).

The large number of linear constrains makes it usually infeasible to solve
the program automatically. For the simple case of Markov Chains on the n-
dimensional hypercube and the independent sets of a complete bipartite graph,
we find an explicit solution (see Example 1 and Section 4.5 respectively).

In sections 4 and 5 we apply our technique to obtain bounds on the mixing
rate of Markov chains on the down-sets (or ideals) of a partial order. In each
cases we prove that the rank function h(z) = |z| (cardinality of x) satisfies
the constrains for the respective Markov chain if the degree of the poset is
appropriately bounded. The first chain is just the random walk on the lattice
of the down-sets. We show that this chain mixes rapidly for degree-2 posets
(see Definition 5). The second Markov chain is a variation of the chain in [8]
on independent sets. For an element u in the poset let dy(u) be the number of
elements at distance at most 2 from u in the Hasse graph ! of the poset. Our
chain mixes rapidly if ds(u) < 4 for every element u (Theorem 6). As explained
in Remark 5 Luby and Vigoda’s chain can also be used directly, but our one can
be shown to mix rapidly for a larger class of posets.

! The Hasse graph of the poset (S, C) is the directed graph on S with an edge from
x to y whenever x C y and there is no element z satisfying x C z C y.
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2 Preliminaries

Let MC = (S, P) be an ergodic Markov chain on a finite set of states S. Er-
godicity implies the existence of a stationary distribution 7 on S that satisfies
limy, o P'(x,y) = w(y) for all x,y € S. The (total) variation distance is usually
used as metric on distributions p and ¢ on S:

o= all = 3 3 Iple) — (@) = max{lp(4) ~ g(4)] : A C S} .
z€S

The time an ergodic Markov chains needs to be close to its stationary distribution
m is called the mizing rate. For initial state x € S it is defined by

me(€) ;== min{t > 0: V' > t ||P! (z,) — 7| < €}

and in general by
7(€) := max{r,(e) : x € S} .

We can sample elements of S with a distribution e-close in variation distance to
7w by starting at some arbitrary state of S and simulating transitions of MC for
t = 7(e) steps. To bound the mixing rate one can sometimes use a coupling: the
construction of a random process {(X¢,Y;)} on pair of states, such that {X;}
and {Y;} seen by themselves, obey the same law as the original random process.

Definition 1 (Coupling). A coupling for a Markov chain MC = (S, P) is a
Markov chain {(X¢,Y2)} on S x S, such that the transition matric Q of the
coupling satisfies for all x,y € S,

Va'eS: Y Qr,y,'sy) = Plx,a') and
y'es
Vy’ € S : Z Q($7y7x’7y,) = P(y7y’) .

z'eS

Any coupling {(X¢, Y;)} for a finite and ergodic Markov chain will (with proba-
bility 1) eventually hit the diagonal X; = Y; [3, p.274]. The time at which this
happens is called the coupling time and it is a random variable that depends
on the initial distribution of the process. Denote by 7T%¥ the coupling time of
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a coupling @, when started from initial state (Xo,Yo) = (x,y) and define the
expected coupling time of Q by

T =Ty :=max{E[T*Y]:x,y € S} .
An upper bound on the mixing rate is given, for example, in [1]
r(€) < 2eTg (1 —1Ine) | (1)

valid for all 0 < € < 1 (where In is the natural logarithm, i.e. to base e).

2.1 Bounding the coupling time

To bound 7' [1,7] use the following idea. Assume we have defined a real-valued
and bounded distance function ¢ on S. The random process ¢(X;,Y;) is real-
valued and bounded. If in addition one can show that it decreases, in some
probabilistic sense, then this should give us a bound on T'Xo-Yo,

Remark 1. For a Markov chain on a partial order the derivation of bounds on
the mixing rate can be simplified, as we explain now.

1. The coupling on MC can be constructed from any monotone transition func-
tion for MC, as explained below (this part is based mainly on [9]).

2. Instead of a distance function @, we use a rank function h; this induces a
distance function on comparable states x,y by @(x,y) = max{h(z),h(y)} —
min{h(z), h(y)}-

3. Finally the decrease of the expected distance after one transition step is
expressed by linear constrains on h.

Definition 2 (Transition function). We say that f is a transition function
for the Markov chain MC = (S, P) if there is a finite set 2 so that f : Sx 2 — S
and for each x,y € S

Prif(z,w) =yl = P(z,y) , (2)

where w is drawn from (2 uniformly at random.

Definition 3 (Monotone Markov chain). A transition function f for MC is
monotone if for all z,y € S and forallw e 2: 2 Cy = f(z,w)LC f(y,w) .
A Markov chain MC is called monotone if there exists a monotone transition
function f for it.

Sometimes we view f as a random function on S with Prf(z) =y] == |[{w € £2:

fla,w) =y}/192] .

Remark 2. Since for a given Markov chain, there might monotone and non-
monotone transition functions, we assume, to avoid ambiguities, that any mono-
tone Markov chain is specified by a monotone transition function.
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A theorem in [9] states that for a monotone Markov chain MC, defined on a
partially ordered set with unique minimal and maximal states, it suffices to
consider couplings defined by a (monotone) transition function. Let Q* be the
coupling defined by

(X0,Y0) := (Smin» Smax)
(Xt-i-le;H-l) = (f(Xtvw)vf(Y;fvw)) fort >0 ) (3)

where w is taken with uniform probability from 2 and f is a monotone transition
function for MC.

Theorem 1 (adapted from [9]). Let T* be the coupling-time of the coupling
Q* for MC defined above and let T(€) be the mizing rate of MC. Let n € N be the
length of the longest chain in (S,C). Then for 0 <e<1/e

1

8(1 + log, /. m) E[T"] <€)

Together with (1) this implies that for this type of Markov chains a coupling can
be constructed in a generic manner, if one is willing to settle for bounds that
are sufficient to prove polynomial time bounds, but maybe not optimal. We will
refer to the coupling defined in (3) as the standard coupling for MC (or more
accurately, for f).

3 Main theorem

For what follows let S be a finite set partially ordered by C with unique minimal
and maximal elements s, and s,.., and fix some ergodic Markon chain MC =
(S,P) on S. For a function h : S — [0,00) define the functions h, A[h] : S — R
by

h(z) = P(x,y)h(y) (4)
yeS
A[R)(x) == h(x) = h(x) = > P(a,y)(h(y) — h(z)) (5)
yeS

for all z € S. The functions A and A[h] denote the expected value and difference
of h after one transition respectively and they can be written, in vector notation,
as h = Ph, and A[h] = —(I — P)h. 2

We express now by linear constrains the conditions on & to be a rank function
with the additional property that the expected difference in rank between any
two states decreases in expectation after one transition. Let H be the set of all
functions h : S — [0,00) that satisfy forallz Cy € S

1. x #y = h(y) > h(z) and

2 The expression I — P is also known as the Laplacian of P
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2. h(y) — h(z) > h(y) — h(z) or equivalently A[h](y) < A[R](z) -
Lemma 1. H satisfies the following closure properties. For any h,h' € H,

1. h+h eH,
2. ah € H for any a >0,
3. h+cl € H for any real constant c,

where 1 is the constant function: 1(x) =1 for all x € S.
Proof. Straightforward and omitted. O

The above lemma allows us to normalize H. Denote [y if + C y and for
no z € S ¢ C z C y (that is xC y are the edges in the Hasse graph of the poset
(S,C)). By transitivity 2 inequalities for every pair -y are sufficient to express
the constrains on h. Let Hg be the set of functions 4 : S — R such that

H1l h(s..) =0,
H2 for every pair zC-y  h(y) — h(z
H3 for every pair zC-y  A[h](y) <

) > 1 )
Alhf(z) .

Clearly Ho C H and the closure properties in the last lemma imply that if H is
not empty than neither is Hg.

Theorem 2 (Main theorem). Let MC = (S, P) be a monotone Markov chain
on a poset with unique minimal and mazimal element (S, T, Spin, Smas) aNd MONO-
tone transition function f. For h € Hy and © € S define the random variable

d(x) :== h(f(x)) — h(y) and set
V(h) = min{E [(d(y) — d(2))?|z,y]) ;2 Cy € S} .
Then the coupling time T* of the standard coupling Q* (defined in 3) satisfies
E[T"] < Als.)2/V(R)
In particular for the solution h* to the linear minimization program
min h(s,..) subject to h € Ho ,
we have E [T*] < h*?/V (h).

Remark 3. Note that because of condition H2 the convex space Hg is bounded
from below. Conditions H1, H2 together guarantee that any h € Hg satisfies
h(z) > |z| = height of z in (S, C).

For the proof we adapt the following theorem from [7].

Lemma 2 ([7]). Let MC be a monotone Markov chain on a poset (S, T, Spmins Smas)
as above and let {(Xy,Y:)} be a coupling for MC with coupling time T'. Let B > 0
and let & : S x S — [0, B] be a function on S satisfying &(X;,Y:) =0 iff t =T.
Set D(t) := &(Ye, Xy), AD(t) := P(t+ 1) — D(t). If for some V > 0 and all values
of t >0
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1. E[AP(t)| X, Y] <0 and
2. B(t) > 0= E[(AP(t)*|X,,Y:] >V

then the expected coupling time satisfies

E[T] < $(0)(2B — 9(0)) .
Vv

Proof. Outline of proof of theorem 2. Let (X;,Y;) be the standard coupling.
Since it is defined by a monotone transition function we have, X; C Y; for all
0 <t < T* Any h € Hg is strictly increasing, therefore h(X;) < h(Y;) and
equality holds only at ¢ = T*. This means that we can use &(z,y) = h(y) — h(x)
for x C y in lemma 2.

A straightforward calculation, using the fact that Q* is a coupling, shows
that for any z,y € S

E [2(f(x), f(®))le.y] = hly) — h(z) . (6)

and since h satisfies condition H2, the first hypothesis of the lemma is satisfied.
The definition of V(h) guarantees the second hypothesis immediately. Finally,
by H1, $(0) = B = h(S,..,) and the upper bound in the lemma simplifies to
h(Smax)?/V (). O

Remark 4. In practice the quantity V' (h) can be lower-bounded without diffi-
culty. For example we have (because @ is integer valued)

V> minz,y Pr [@(f(l‘), f(y)) # @(x,y)|x,y].

A common situation for which we can derive an explicit bound for V(h) is
when the transitions of the Markov chain satisfy the following condition. Let
f: S x §2 = S be the transition function for MC

Condition 4. Assume that for all z,y € S so that x C y there are wy,ws € {2 so
that

r C f(r,w1) and f(y,w1) =y
= f(r,w2) and f(y,ws) Ty

Theorem 3. Let MC, f and T* be as in theorem 2. If the transition function f
of MC satisfies condition 4 then the coupling time T of the standard coupling
for MC satisfies

B <y 2

where h* is the value obtained from the linear minimization program defined by
min h(s,..) subject to h € Hp .

Proof. (Outline) By theorem 2 all that is left to do is to bound V' (h). And the
above condition implies that V(k) > 2/|02| for any h € H,. O
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In all the examples that follow the state space S is a distributive sub-lattice
of 2V under set-inclusion, for some finite set U = [n] = {1,...n}. Therefore we
use the simpler notation with set operations, i.e. C, U, 0 for C, s,.., and S.n
respectively.

Ezample 1 (The hypercube). Maybe the easiest examples for the concepts defined
in the previous sections is provided by the hypercube. Let U = [n] and consider
the Markov chain on the n-dimensional hypercube 2V defined by

2:={(u,+),(u,—):ue U}
and the transition function

Xufu}l:ifo=+
(X, (u,0)) ::{X\{{uf:ifa:—.

It is easy to check that this chain is ergodic with uniform stationary distribution.
Let h(X) := |X|and (X,Y) := h(Y) —h(X) for X,Y € 2V such that X C Y. &
is just the Hamming-distance restricted to pairs X C Y. The function h satisfies
clearly conditions H1 and H2. To verify condition H3 note that for X € 2V

ARI(X) = o (n = 21X])

which is a decreasing function on (2V, C).
Condition 4 is easily verified and we can apply theorem 3 to obtain a bound
on the expected coupling time of the standard coupling
* 2 2n 3
E[T7] < h(U) 5 =n
It can be shown that T* is concentrated around 6(n logn) ([1]) so our bound
is quite bad. However in less symmetrical cases the theorem provides bounds that
are comparable (and sometimes better) to those provided by other methods (if
other methods work at all).

4 Down-sets of a partial order

In this and the following section we study Markov chains on the set Z of down-
sets (or ideals) of a poset (U, <). 3 T is a distributive lattice and by a theorem
of Birkhoff, we can identify it with a distributive sub-lattice of (2V,C). Note
that the Hasse-graph of 7 (seen as a poset) is a subgraph of the |U|-dimensional
hypercube and neighbouring down-sets are those which differ in exactly one
element. All of our results involve (various forms of) the degree of the poset.

% The symbol < is used here to avoid confusion with the partial order C or C on the
states of the Markov chains.
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Definition 5 (Degree(s) of a poset). Let (U, =) be a poset and denote by
I't(u) = {v € U : u=-v} the elements covering u and by I' (u) = {v € U :
v=<-u} the ones covered by u. The degree of an element u € U is defined by

d(u) = I (u)| + |T'~ (u)]

By the degree of a poset we mean the mazimal degree of its elements: max{d(u) :
u € U} . More generally we let d;(u) denote the number of elements v such
that there is a directed path from u to v with i edges in the Hasse-graph. So
dy(u) = d(u) and d.(u) denotes the number of elements comparable to u. We
shall only use d, dy and d..

4.1 The simple Markov chain on down-sets

For a down-set X € 7 let X~ be the set of maximal elements in X and X the
set of minimal elements in U — X . It can be seen that

— if u X then X & {u} is a down-set iff u € Xt and
— if u € X then X — {u} is a down-set iff u e X .

The graph on 7 in which a down-set X is connected with the down-sets X &
{u},u € X~ UXT, is, as can easily be verified, connected (it is the Hasse graph
of the poset (Z, C)).

The simplest Markov chain on the down-sets Z of a poset (U, <) is just the
random walk on this Hasse graph (with added self-loops to guarantee aperiod-
icity). While this chain mixes rapidly only for degree-2 posets, it serves us to
illustrate the methods developed. We define a Markov chain MCy = (Z, P) by
the transition function f :Z x 2 — Z where 2 := U x {4, —} and for X € 7,
(u,0) € 2

f(X,(u,0)) =X ®{u}lifue X7 else X . (7)

This implies the transition probabilities

1/2n XeY|=1
P(X,Y)={0 X aY|>1
1 XTI oy

It is not difficult to check that the chain is ergodic with uniform stationary
distribution.
4.2 The ‘Barrier’ functions - a tool

Before we continue let us define the following set-valued functions. For a down-
set X € T and 7 € N define

by (X)) ={ue X : {fveX :u=<v} =1}

(2
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and dually
bVI(X)={ueU-X:|[{veU-X:v=<u}=i}.

Note that X+ = b3 (X) and X~ = by (X). If u € b (X) then there are
1 elements that have to be added to X before we can add w. This i elements
constitute a kind of barrier for the movement of the Markov chain in the direction
of the coordinate w. Similarly if v € b; (X) then there are ¢ elements to be

removed from X before we are allowed to remove u. For another interpretation
define for X € 7 and k € N

BY(X,0) = X
BY(X,k):=X W bf(X) W - W b_,(X)
and dually
B (X,0):=U—-X
B7(X,k)=U-X) by (X) & ------ Wb, ,(X).

Lemma 3. Let (U, <) be a poset with down-sets T. For i € N let BI,B; be as
defined above. Let XY € 1 so that X CY. Then for all k € N

BY(X,k) CBY(Y,k) and B~ (Y,k) CB (X,k) .

Proof. Observe that for any down-set I € 7 and k € N™ the set B (I, k) includes
all elements u that are in I or that can be added to I by adding before u at
most k — 1 other elements to I. This implies that B¥(I, k) is monotone growing
in I and BY(X, k) C BT (Y, k).

The inclusion for B~ is just the dual of the one for BT and can be obtained
from it by ‘inverting’ 7. O

4.3 Coupling time of MCy

Before we can apply theorem 3 we have to check that f is monotone.

Lemma 4. Let X,Y € T and 2 as defined above. For every w € 2, if X CY
then f(X,w) C f(Y,w). Therefore f is a monotone transition function and MCqy
a monotone Markov chain.

Proof. Let X, Y € 7 such that X C Y. Consider first an ‘adding’ move w =
(u, +) for some u € U. This move will change X and add u to it iff u € X T, i.e.,
if all v < u are included in X, and therefore also in Y since X CY. Ifue X+
then u € Y WY (by lemma 3 with k = 1). So if we can add u to X then either
u €Y or we can add u also to Y.

The analogous argument works for a ‘subtracting’ move since Y~ C (U —
X)yX . |
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4.4 Rapid mixing for degree-2 posets

Using the rank function h : X — |X| we show now that for degree-2 posets the
Markov chain MCy defined above mixes rapidly.

Lemma 5. Leth:Z — R be defined by h(X) := |X| forall X € . Let X, Y € T
with X CY, and 2 as defined above. Then

_ 1
92|
Proof. For this specific function h we can easily evaluate A[h]:

|2 - A[P)(X) = D (h(f(X,w)) = h(X))

wESR

A[p](X) (X =1x7) .

= Y (Xwfu} - 1XD+ D (X —{u}— X))
weXt ueX—
X=X

a

Lemma 6. Let h(X) := |X| for all X € T and let X, Y € T with Y = X & {w}
for some w € XT. Then

d(w) — 2
/.
where d(w) is the degree of w in the poset (U, <).

A[R](Y) = A[R)(X) <

Proof. Let us look at the difference between X+ and YT. On the one hand
w € X\ YT and this is the only element in X \ Y. On the other hand
veYT\XTifve VYt = (Xw{w})" and w is the only element outside X so
that w<-v , i.e., iff

ve I (w)nb(X).

This gives
YH =X = =1+ | (w) N by (X)] - (8)
The difference between X~ and Y~ can be expressed similarly. The only element
inY \X isw. Anelement ve X~ \Y  iff v € X~ and v < w, therefore
XTI =Y 7| = =1+ |I""(w) Nby (X)] . (9)
Apply lemma 5 and add equation 8 with equation 9 to derive:
|92 - (A[R](Y) = A[R](X)) =
= (YT =Y ) = (IXF[=1X7])
=Y - X X =y
= =2+ | (w) N6 (X)] + [T (w) N by (X))
< =2+ I (w)| + I (w)]
=-2+d(w) .
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If the degree of the poset is bounded by 2 then the above lemma implies
that A[h] is a decreasing function on the poset (Z, C). This is equivalent to the
condition H3 for MCy. The result of this section is summarized in the following
theorem.

Theorem 4. If the degree of (U, X) is bounded by 2 then the coupling time T*
of the standard coupling of MCq satisfies E[T*] < n® , where n = |U]|.

Proof. The Markov chain MCy is monotone (lemma 4) and satisfies condition 4
(we have omitted the proof of this). Therefore we can apply theorem 3 if h is in
the set Ho for MC. It is easy to check that the function h : X — |X| satisfies
the conditions H1 and H2 for MCy. The last condition H3 is equivalent to the
function A[h] being a decreasing function on Z which is verified by lemma 6 for
the case of a degree-2 poset. By theorem 3

| 7]
*l < 2—| = — =
E[T*] < h(U) 5 =y =n

4.5 K™™ as partial order

The complete bipartite graph on 2m elements (U = VW W,V x W) can be seen
as a partial order with V' the minimal elements and W the maximal elements.
As we shall see, the solution for the conditions Hy is very far from the simple
function h used in the previous section. The Hasse graph G of the down-sets of
this partial order consists of the hypercube 2V and the ’translated’ hypercube
{CWV :C e 2"}, connected at the down-set V. This graph has an extreme
bottleneck at V: take S’ := 2V — {V'}. There are only m edges out of S’ and
therefore G’s expansion is (at most) m/|S'| =m/(2™ — 1).

Theorem 5. There is a function h € Hy for the Markov chain MCy on the
down-sets of the partial order, defined by the complete bipartite graph on 2m
elements, that satisfies

m—1—k .
MO =2 3 ’;)'ij’ZWj?k — =oen)

where k = [m/2].

This gives a bound on the coupling time of O(2™), which is of the correct
magnitude.

Proof. Since T is completely symmetric we look for a solution h(X) that depends
only on |X|. For ¢ € {0,...2m} write h; and h; respectively for the value of h
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and h on a down-set X with i elements. Then, using the fact that Z consists of
2 hypercubes joined at level |V| = m we derive for 0 < i < 2m

(m = @) (hiyr = hi) = ( —hi1)

|92|(hi — hi) = § m(hip1 — hi) —m(hi — hi—1)
(2m — @) (hit1 — hi) — ( m)(h — hi-1)
(m —14)0; —10;—1 i<m-—1
=< MmOy, — MOp—1 i=m

2m—1i)0;, — (1 —m)bi—y :m+1<i

where 9; := h;y1 — h; for i € {0,...,2m — 1}. Set k := [m/2]. The solution we
give satisfies
m—2i :1<k-—1
|Q|(hi —hi) =4 0 k<i<2m—k
3m—2i:2m—k<1i.

For X € T with |X| = i we have A[h](X) = h(X) — h(X) = h; — h; which
decreases with i. Therefore A[h] is a decreasing function on the lattice and
satisfies condition H3.

Solving ’backwards’ we find that ; = 1 for i € {0,...,k — 1} U {2m —
k,...,2m — 1}. For the range i € {k,...,m — 1} we have the recursion ¢, =
——;—1 . The next m — k values, for i € {m,...2m — k — 1}, are the same, but
in reverse order, until 4 has decreased back to 1. Note that for all 0 < <2m—1
we have §; > 1 so that the solution satisfies condition H2. Finally define hg := 0
to satisfy condition H1.

For the O(2™) bound it suffices to consider the last term in the sum, since
it is the largest

kooo(m—1) (m —1)! _(m—=1)\ _ —1/2 9m
(m—k)~~~1_(m—k)!(k—l)!_<k—1>_o(m 2 -

5 A variation on Luby and Vigoda’s Markov chain

Let G be an undirected graph with maximal degree A. In [8] Luby and Vigoda
define a Markov chain on the independent sets of GG. This chain generates an
independent set A with probability proportional to A4l for A > 0 and mixes
rapidly if A < 1/(A —3) . In the uniform case (A = 1) this chain mixes rapidly
when the degree of G is bounded by 4.

Remark 5. For aposet (U, <) consider its comparability graph, which has vertex-
set U and an edge for any pair u,v such that either v < v or v < u. There is
an easy to see bijection between the down-sets of < and the independent sets
of the comparability graph: just observe that the set of maximal elements of X,
X7, defines X unambiguously and that X~ is an antichain for < and therefore
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an independent set in the comparability graph. This bijection allows us to apply
Luby and Vigoda’s chain to sample down-sets efficiently, provided the degree
(d.) of the comparability graph is bounded by 4.

We can slightly improve on this by using a chain with less transitions: the
transitions of the Luby-Vigoda chain are based on choosing a pair of comparable
elements u < v, whereas our chain chooses only pairs of elements at distant at
most 2 from each other; as we shall see the resulting chain mixes rapidly when
dy(u) < 4 for all w € U. For posets with 4 or more levels, dy might still be
bounded by 4, whereas the degree of the comparability graph is necessarily
greater than 4 (see figure 1).

0 ®

® ®) ®
VAV

© @ ®

©) ®

Fig. 1. A poset demonstrating the difference between d. and d». In this poset d.(j) = 5,
but for the more local degree d> we have d2(j) = 4

5.1 Definition of the Markov chain

Let (U, X) be a poset with down-sets Z and define the following binary relation
on U:
u<gv iff u<wvor3dwelU :u<w=<wv

The random choice is to select a pair © <5 v and then to add or remove one or
both of u,v. To be precise define

2 :={(u,v), (u, ), (@,0) : u <2 v}
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and the auxiliary function f':7 x 2 — 2V

<
<

f,(Xv( )) ::XU{U,’U}
(X, (u, ) == X U {u}\ {v}
(X, (a,0)) = X \ {u,v} .

?

<

The possibility to remove v and add v is omitted because it can never result
in a down-set. The transition function and probabilities of the Markov chain
MC; := (Z, P) are defined by

and
PX)Y) =Po[f(X,w)=Y] .

This definition is only interesting if the poset is not empty, i.e., there are u,v € U
such that u <2 v. However we can assume w.l.0.g. that the Hasse graph (U, <)
is (weakly) connected; otherwise we can treat each component by itself. It is not
difficult to check that this chain is ergodic with uniform stationary distribution.
We omit this.

5.2 Bounding the coupling time
Define now the function h : Z — R by
h(X) == |X]| (11)

for all X € Z. We use theorem 3 to bound the coupling time of MC;. To be
specific there are three tasks: (a) check that the transition function f of MC;
is monotone; (b) verify that MC; satisfies condition 4 and (c) show that A[h]
is a decreasing function on (Z, C) (condition H3). This suffices since h satisfies
conditions H1 and H2 independently of the Markov chain. Only the last of this
three calculations is of interest here and we leave the other two for the reader.
First we derive an expression for A[h].

Lemma 7. Let (U, <) be a poset and let h, and {2 be as defined above. For every
down-set X of <

[IARX) = D dalw) +20F (X)| = D da(u) —2[b7 (X)) (12)

ue Xt weX

Proof. Fix u € X*. For every v <2 u the move (v,u) contributes 1/|§2| since
necessarily v is already in X. Similarly for every w so that u < w the move
(u,w) contributes 1/|£2|, since w ¢ X. It should be clear that these are the only
moves that contribute 1/|2] and therefore each u € X+ contributes da(u)/|2|.
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The only possibility for a move (u,v) to contribute 2/|f2| is when u € X+
and v € (X W {u})™. Note that

m +
{ue(;é{{u}ﬁ}‘:’“b“m’

because v € bf(X) means that there is an unique element, i.e., u, outside X
so that u < v. Moreover this element u is in X T, else there would be another
element w ¢ X so that w=-u=-v, which contradicts v € b (X). Therefore each
v € b (X) contributes exactly 2/|12|. The negative contributions can be similarly
justified. O

Lemma 8. Let (U,Z) be a poset and let {2 be as defined above. Let h be defined
by equation 11. Let X, Y € T(=X) such that Y = X W {w} for some w € X*. If
da(u) <4 for all u € U then

AR](Y) < A[R)(X)

Proof. By (12) the only elements that contribute to A[Ah](X) and A[R|(Y) are
those in b (X), b; (X), b] (Y), and b; (V) for i = 0,1 (remember that bf (X) =
X*tandby (X) = X 7). Therefore the only elements that may contribute a non-
zero quantity to the difference A[h](Y') — A[h](X) are those that are not in the
same b or by — set for Y and for X. Since the only difference between Y and X
is the element w all those elements are comparable to w — as we shall see they

have to be at distance at most 2 from w. Let
K :=02|- (A[R(Y) — A[R](X)) .

For i > 0 an element u € b (X) i > 0 moves to b; (V) iff w < u. To calculate
the contributions define for ¢ > 0

Df =bvF(X)N{uelU:w=<u} .

Case i=2: An element u in D moves from b3 (X) to b (Y) and therefore,
by 12, contributes 2 to K.
Casei=1: u € D} moves from b} (X) to bf (V) and contributes da(u) — 2 to
K (2 to the X part and da(u) to the Y part).
Case i =0 : observe that the only element that moves from X' to Y~ is w
itself. Inspecting expression 12 we see that this contributes —2ds(w) to K.

Now set, for ¢ > 0,

Dy =b,(X)N{ueU: :u<w}.

(2

and proceed similarly: an element w € Dy moves from X~ = by (X) to b (V)
and contributes accordingly da(u) — 2 to K. An element v € Dy moves from b
to by (Y) and contributes 2 to I. Putting all this together gives

K =2[Df|+ Y (da(u) — 2) = 2dz(w) + > (da(u) = 2) +2|D7| .
ueDF u€Dy



A Note on Bounding the Mixing Time by Linear Programming 113

By assumption da(u) < 4 for any v € U therefore we can bound all (d2(u) — 2)
terms above by 2. This gives

K <2(|D3 | +|Df| + D5 |+ |Dy| = da(w)) (13)

The barrier-sets bf (X) and b; partition U and are all disjoint. Therefore the
sets D, DT are also disjoint. Moreover it is not difficult to see that all elements
in Df‘ and in Dy are exactly at distant 1 from w. Finally observe that the
elements in DJ and D] are at most at distant 2 from w. To see this assume by
contradictions that u € DJ (for example) is at distance > 2 from w. This means
that there are v,v’ so that w < v < v' < u. But w,v and v’ are all outside X,
which contradicts u € b (X).

The four sets contributing positively in 13 are disjoint subsets of the elements
counted in dy(w) and therefore K < 0 as desired. a

It remains only to collect everything into

Theorem 6. Let (U, <) be a poset on n = |U| elements. If for all u € U we
have ds(u) < 4 then the coupling time T of the standard coupling for MCy
satisfies

E[T"] < 6n° ,
and therefore MCy is rapidly mizing.
Proof. (Outline) It can be verified that the transition function f is indeed mono-
tone and that it satisfies condition 4. The function h : X — |X| satisfies always

the conditions H1 and H2 and by lemma 8, given the hypothesis of the theorem
on ds, also the condition H3 for MC;. Theorem 3 gives the bound

0| |2 12n

E[T*] < 2192 _ 5192 <222 _ o3

[T*] < h(U) D) n 5 <n 5 6n° ,

since |2| < 3-4n, because dz(u) < 4 for all u € U. a

6 Conclusions and further research

We have shown how to construct a simple but large linear program which solution
provides an upper bound on the mixing rate of a Markov chain. While the size of
the program makes direct solution infeasible, we hope that further research might
yield insights into the associated polyhedra and therefore also the behavior of the
Markov chain. Since the underlying graph of most interesting Markov chains is
small, so are the number of variables occurring in each constraint and therefore
our system is sparse in this sense.

Another reason why a brute force attack on the linear program we define
is not interesting, is given by the fact that for the Markov chains we study
a Monte Carlo experiment allows one to estimate the coupling time 7: simply
simulate a coupling from the minimal and maximal state until they meet (see [9]).
Repeating this one can obtain an estimate of the expected coupling time with
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high confidence (say 99.999%). The time needed is polynomial in the expected
coupling time itself. Therefore if one has reason to hope that the chain mixes
(more or less) rapidly, then this approach is clearly better than to solving an
exponentially large system of inequalities. However, if the chain does not mix
rapidly enough, this approach becomes much less promising.

As we have seen solutions to the linear constrains can be derived directly
for some simple examples and this solutions seem to have the correct order
of magnitude. For the chains on down-sets one can not expect much better
bounds and for the chain on the independent sets (or equivalently down-sets)
of K™™ the author has verified by numerical methods that the solution given
is optimal (at least for m up to 16). The recent paper [4] gives some variants
of Markov chains on independent sets which are analyzed using path-coupling.
Their results improve on those in [8] mentioned in the preceding sections, mainly
for non-uniform sampling of independent sets (in the uniform case the degree
needs still to be bounded by 4). Interestingly they show that the insert-delete
chain on independent sets mixes rapidly not only when the degree is bounded
by 2 (similar to our result on MCp in Theorem 5) but even when the degree is
bounded by 4 (for the exact statement see [4, Thm. 5.5]). The proof is based
on comparing the transition probabilities of the insert-delete chain with those of
a more complicated chain on independent sets that mixes rapidly for degree-4
graphs. It seems possible that this method can be applied to show that the chain
MCy mixes rapidly for the same posets as the chain MC;. The author is currently
investigating this conjecture.

The most interesting questions, however, are open:

Is the set of linear constrains Hg always feasible 7 The only contribution to
this we can offer at the moment, is that if we restrict ourselves to solutions h
that depend only on |X|, as in most of the examples studied, then the answer is
negative. There are bipartite graphs for which there is no such solution for the
simple chain MCy on the independent sets of the graph.

Even more important is the question if rapid mixing of a chain is sufficient
to guarantee a ’small’ solution h. A positive answer would make the connection
between the mixing rate and the polyhedra H, much stronger. It might also
open an approach to prove that a chain is not rapidly mixing.

We remark that while many interesting and important examples for which our
technique applies, are actually distributive lattices, we do not use this additional
structure. At the moment, all that is used, is the partial order relation and the
uniqueness of the minimum and maximum. It would be very interesting if one
could use the full structure of distributive lattices to obtain stronger results.

Finally we mention the paper by [6], which shows that the spectral gap of a
Markov chain can be approximated (to a factor polynomial in the dimension) by
semi-definite programming. Clearly this is a much stronger result, since it applies
to general Markov chains and does not provide only an upper bound, but an
approximation. However our approach is much simpler and there is reasonably
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more hope to understand the polyhedra Hg, then the structure of semi-definite
programs.
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Abstract. A random method for exploring a continuous unknown pla-
nar domain with almost no sensors is described. The expected cover time
is shown to be proportional to the electrical resistance of the domain,
thus extending an existing result for graphs [11]. An upper bound on
the variance is also shown, and some open questions are suggested for
further research.

keywords: robotic exploration, cover time, Brownian motion, sheet resistance

1 Introduction

Exploring unknown terrain is an important issue in robotics. The problem has
been intensively investigated, and several deterministic methods have been sug-
gested and implemented. Most of those methods, however, rely on sophisticated,
expensive and fragile systems of sensors (e.g. odometers, infra-red sensors, ultra-
sound radar or GPS), and/or sophisticated mapping algorithms. In this paper
we suggest a minimalist approach in order to achieve the goal of covering with a
minimum of sensing and computing, even if some performance reduction is im-
plied. We show that on the average, a random walk is not too bad compared to
deterministic algorithms that use much more sensing and computing to calculate
their steps.

Formally, the on-line covering problem is to find a local rule of motion that
will cause the robot to follow a space-covering curve, such that every point of the
given region is in some prespecified r-neighborhood of the robot’s trail, r being
the covering radius of the robot. Such a rule, if obeyed for a sufficient number of
steps, should lead the robot to follow a covering path which is a polygonal curve

defined by the points z1, 22, . .., zp, that covers a region R, 1.e.,
T
R={]B.(=), (1)
t=0

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM' 98, LNCS 1518, pp. 116-130, 1998.
O Springer-Verlag Berlin Heidelberg 1998
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where B,(z) is a disk of radius » around z, and for all i, |z;41 — 2| < r 3. Note
that the shape of R is not known in advance.

Existing methods for graph search (e.g. BFS, DFS) cannot be used for our
purpose since no vertices or edges exist in our setting; a robot can move to ar-
bitrary points on the continuum, while the BFS and DFS algorithms assume a
discrete and finite set of possible locations. Also, those algorithms need a mem-
ory the size of which is; in general, proportional to the area to be explored. Yet
another drawback of fully deterministic algorithms is their inability to provide a
complete answer for realistic robotic problems, since both sensors and effectors
are extremely vulnerable to noise and failures. As opposed to some purely com-
putational problems, in robotics the environment of the robot is not known in
advance and even if it is - it may change during operation. One way to tackle these
problems is to make the robot itself non-deterministic by introducing random-
ness into its behaviour. This motivates our algorithm for the covering problem.
We call this method PC - Probabilistic Covering. The basic rule of behavior here
is to make a short step and then a random turn. Somewhat surprisingly, the
expected performance of the PC approach is not so bad; for example, it covers
a gridded rectilinear polygon in average time O(nplogn), where n is the area
of the polygon and p - its “electrical resistance,” to be defined and explained
below.

Some related work has already been done in various areas:

— Robotic covering: In previous work ([14],[15]) a discrete problem of graph-
exploration was solved using markers. More recently, the problem of covering
a tiled floor was addressed in two different ways: In [29] the dirt on the floor
served as memory to help the robot’s navigation, while in [31] and [30] a
vanishing trace was used for that purpose. In [6] the issue of inter-robot
communication is addressed in the context of various missions, among them
grazing - 1.e. visiting every point of a region for purposes of object-fetching.
There, a reactive model of behavior is presented, and simulation shows that
detailed communication does not contribute too much to the performance.
In [5] many experimental works are presented for planetary exploration by
autonmous robots. Heuristic navigation methods are given in [17] for path
planning of an autonomous mobile cleaning robot, and in [20] for a robot
exploration and mapping strategy. However no rigorous analysis is given
in the above references. In [18] an algorithm is presented for exploration
of an undersea terrain, using exact location sensors and internal mapping.
Practical implementations of covering algorithms have been demonstrated
in [32] and [27]. In [32] a set of robots is described that help clean a railway
station, using magnetic lines on the floor as guidelines. This method seems
to work well, but is limited to pre-mapped regions. In [27] a cooperation of a
team of robots is created by an explicit level of inter-robot communication.
Each robot can choose one of multiple possible behaviors, according to its

? Note that if r — 0, a covering path tends to be a space filling curve [28], which is
a continuous 1-dimensional curve that fills a 2-dimensional domain.
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specific conditions. In one of these behaviors the robot plays the role of a
janitorial service man, by cleaning the dust around it.

Randomization and uncertainty in robotic tasks: Uncertainty is an
inherent factor in any real-life action, in particular one that relies on the
information gained from sensors and manipulations performed by actuators.
One way to cope with uncertainty is randomization - introducing a random
selection into the robot’s control. In [16] and [22], randomization is used to
(partially) overcome uncertainty in various robotic tasks. In a sense, our PC
algorithm is an extreme case of randomization, whereas almost no sensors
are used.

Random Walk and Covering: The analogy between random walks on
graphs and the resistance of electrical networks was presented in [25], and
later in [13], where it was used for investigating the recuerrence properties of
random walks on 1, 2 and 3 dimensional grids. The rate of coverage of graphs
by a random walk has been studied intensively. Two representative results
in this context are the upper bounds of O(mn) on the cover time of a graph
with m edges and n vertices [2], and O(mplogn) where p is the resistance of
the graph, assuming all edges to be 1-Ohm resistors [11]. In [10] it was shown
that several random-walkers, if properly distributed in the graph, can bring
a significant speed-up to the process of covering. Coverage of continuous
domains by a Brownian motion process was less investigated. A significant
contribution was made in [24], where a simple relation was derived between
the cover time and the hitting time in a strong Markov process. The current
paper aims to make a further progress in this direction, by relating the cover
time of a Markov process (with discrete time and continuous location) to
the electrical resistance of the explored region.

Off-line covering: The off-line version of the problem (i.e. finding the
shortest covering path for a given polygon) is NP-hard. The proof, as well as
approximation algorithms for it are presented in [1]. The related (NP-hard)
problem of optimal watchman route is to find the shortest path in a polygon
such that every point of the polygon is vistble from a point of the path. This
problem is investigated in [12]. The goal there is to design a minimum-length
path that will see each and every point in a given (i.e. known in advance)

polygon.

The rest of the paper is organized as follows. In Section 2 we show a lower

bound on the length of any covering path. Then in Section 3 we describe the PC
process and show that the expected cover time and its variance can be expressed

in terms of the electrical resistance of the shape to be covered. In section 4

we

apply our results to prove the existence of a universal traversal sequence of

angles, and then conclude with a discussion and some open questions.

2

A Universal Lower Bound on the Cover Time

We shall now show a lower bound on the length of any covering path, independent
of the algorithm used to generate it.
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Lemma 1. The number of points in a covering sequence of r-circles, say 7 =
Z1,29, ..., 21, such that |zi41 — z;| < r, is bounded from below

7> [ 1), 2)

where A is the region’s area and a = 7r? - the area covered by the robot in a
single step.

Proof: In each step (except, perhaps, the first one) the robot jumps at most
a distance of 7, and hence (due to overlapping) adds at most (v/3/2 + 27/3)r>
to the covered area. Thus, after 7" points, the covered area is at most Sp =
(T = 1)(V/3/2 4+ 27/3)r? + 7. By equating S7, to A the lemma is implied. O
Remark: It is intuitively reasonable to assume that as r decreases, the “quality
of covering” improves, i.e. the amount of overlap reduces. This intuition is made
clear by the following result from [21]. Define N(r) as the minimum number of
r-circles needed to cover a region of area A. Then

lim N (r) = (2n/v/2T)(4/a), 3)

and the minimum is attained in the “honeycomb” (hexagonal) arrangement of
the circles, obtained by tiling the plane with congruent regular hexagons and
circumseribing each hexagon with a circle. Note that the above result from [21]
implies that, asymptotically, the cover time T, cannot go below 1.209...x (A4/a),
while Lemma 1 implies that for any value of v, T, > 1.06....x (A/a).

In the rest of the paper we shall confine ourself to the problem of covering
a unit-grid polygon of size n, i.e. a polygon made of a connected set of n unit
squares on the grid. Two squares are considered connected if they have a common
edge. We shall also assume that the covering radius of the robot is v/2; thus we
have that A = n and a = 27 and it follows from Lemma 1 that

Corollary 2. If R is a unit-grid polygon of size n, then at least [4#4——3\/51 steps

of a \/2-radius robot are necessary to cover it.

The off-line version of the covering path problem (i.e. when the shape of
R is given in advance) is known to be NP-hard, and there are various heuris-
tics to solve it [1]. However in many practical situations, the on-line problem is
more relevant, since an efficient on-line solution enables an autonomous robot
to cover a region without the need to be pre-programmed with a detailed map,
thus being able to serve different shapes with the same hardware. Other advan-
tages of the on-line approach are the ability to tolerate changes in the geometry
and topolgy of the environment, and the flexible mode of cooperation that can
only be achieved via on-line approach, while the pre-programming one is severly
limited in this respect. This, in addition to the high cost of implementing a re-
liable system of sensors (which is needed for deterministic covering algorithms)
motivates our probabilistic approach to the covering problem.
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3 PC (Probabilistic Covering) - A Randomized Approach
to the Covering Problem

In this section we consider a robot that acts with (almost) no sensory inputs;
it makes a step, chooses a random new direction, and then makes another step.
Clearly, the average performance of this method is not the optimal one, but it
has the advantage of being almost sensorless, thus it is cheap and tolerant. In
fact the only sensing is required for knowing how far are we from the boundary.

In the sequel we shall refer to the r-disk around z by B,(z), and to the r-circle
around z by Cy(z). Formally, the rule of motion is defined as follows:

/* PC - Probabilistic Covering with an r-disk */
Rule PC(z: current location)
A) cover B,(z);
B) set p(z) = min{r,maxp, ) cr) {r'}} ;
/* p(z) is half the maximum radius */
/* (not exceeding r) */
/* of a circle around z within R */
C) choose a random neighbor w from C.(2);
D) go to w;
end PC.

See Figures 1, 2 and 3 for examples of the process *. Note that if Cy(2)
intersects the boundary of R, then the duration of a PC step shall be shorter than
one unit of time, since the step length is p(z) < r. In each step the robot scans
around to see if a boundary exists within distance r; hence we shall assume that
the time spent at z is proportional to (u(z))?, where p(z) is half the maximum
radius not exceeding r of a circle around z within R. The reason for making the
step length half the possible maximum is to avoid the chance of the robot going
to OR, where it will get stuck forever since p(z) vanishes on the boundary.

We model the robot as a point that covers a circle of radius r around itself.
Due to the random nature of PC, no deterministic bound can be stated on the
cover time; we shall, however, draw some bounds on the ezpected cover time and
its variance, and both will be given as functions of the electrical resistance of

*' A JAVA simulator of the PC process is web-accessible through:
hitp://www.cs.technion.ac.il/” wagner/pub/mac.html
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Fig.1. A lonesome PC robot; grey Fig. 2. Four PC robots working to-

area has not yet been covered. gether. A fellow robot is considered
as an obstacle, hence no collisions
should occur according to the PC
rule.

a conductive material in the shape of R. This resistance can be further related
to the geometrical properties of the robot and the region. More specifically, we
prove the following:

7PC

1. Expected time of complete coverage : E [ ] , the expected time until

full coverage of R - a unit-grid polygon of size n by a PC robot which covers

a radius of v/2, is bounded by
2np < E [TPC] < 2nplogn, (4)

where p is the electrical resistance of R (assuming a material of unit sheet-
resistance, to be defined in the sequel). Note that the resistance p = p(R) can
sometimes be bounded in terms of the geometrical properties of the shape,
and can always be numerically approximated. E.g. if R is a \/n x \/n square
then its resistance is O(logn), when measured between a bottom left and a
top right squares. In case of an a x b rectangle with a << b, p = O(b/a).
Recall from Corollary 2 that any covering path should have at least [n/v/27]
steps.

2. Variance in the cover time: V [TPC] , the variance in time of complete

coverage, 1s bounded from above:
% [TPC] < 9y, (5)

which yields an upper bound on the standard deviation of the cover time:

o [TPC] = /v [TPC] < 32/2mp. (6)
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Our results can be extended to more general shapes, but this involves various
types of cumbersome details that will be ommited in this extended abstract. Note
that The above results are achieved without using any sensors except collision
detectors, (the robot cannot distinguish ”tiles” or ”grid squares”) and thus have
almost no vulnerability to noise. It can be used as is, or be combined with a
sensor-based algorithm to achieve a tradeoff between cover time and coverage
guarantee.

3.1 Analysis of the Cover Time by PC

There is a wealth of results in the literaure for cover times by random walk
on graphs, a sample of which was mentioned in the introduction. Qur case is
different, however, since the robot can occupy any point in the continuum of
the region, rather than being bounded to a finite set of such points. One may
wish to partition the region into squares, and then consider a random walk on
a graph with the set of squares as its vertex set; but this will not do because
the transition probabilities are not constant; rather, they depend on the precise
location of the robot within a square (i.e. the process is not time-homogeneous).
Hence we shall use continuous arguments to analyse the process.

We first observe that the PC process is a strong Markov process, since the
probability of visiting a location depends only on the previous location but not
on the earlier history - the robot has no memory. It was proved in [24] that under
such a process, if @ = {q1,¢2,...,¢n} is a collection of subsets of a set R, then
E[T(q1,42,---,4qn)], the expected time for visiting some point of every subset in
Q) (starting from anywhere in R) is bounded as follows:

n

hmax S E[T(qlaQZa~~~aQH)] S hmale/ia (7)

i=1

where hpmar = MaXee(r\Q),1<i<n 1hi(®)}, and h;(x) is the expected time to first
reach subset ¢; upon starting from « € R. Let us denote the set of unit-squares in
Rby S = {s1,5s2,...,5,}. This partition is not known to the robot, but will serve
us in our analysis. In order to establish bounds on the average cover time of the
PC process, we further observe that (since the robot’s covering radius is r = \/5)
if the robot has visited all the n squares in R, then R is totally covered. See Figure
3 for an example. Clearly, if a robot is located anywhere within such a square, the
whole square is covered (actually, some of the neighbor squares are also partially
covered, but this does not make any harm to our upper bound result). Thus,
visiting all the small squares is sufficient to guarantee a full coverage of E. On the
other hand, in order to cover R starting from any point in it, the robot should
make, at least once, the tour between the two farthest squares in R. Let us define
the hitting time (also known as access time or first-passage time) from a point
* € R to a square s;, denoted h;(x), as the expected time of a PC process that
starts at x and ends upon first reaching a point in square s;. We also define Cj ;,
the commute fame between squares s; and s; as the average time of a round trip
from s; to s; and back, i.e. C; ; = C;; = maXees, yes; 1hj(2) + hi(y)} . It is thus
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Fig.3. A grid polygon R, partitioned into unit squares, and a possible sequence of
PC steps which take random continuous locations z1, 22, 23, thus covering the dashed
circles. In this case, pu(z2) > p(zs), and hence the step size at time ¢ = 2 is greater
than at time ¢ = 3. The dashed circles designate the covered area. Note that, since the
covering radius is always 21/2 while the grid size is 1, it is sufficient to visit all squares
in order to guarantee a coverage of R.

implied by Equation 7 (using Y . ,(1/7) < 2logn) and the above observations
that the expected cover time of R can be bounded:

max {C;;} <E [TPC] < 2(logn) max {C;;}. (8)

5;,5;ER 5;,5;ER
In order to find the maximum commute time (C; ;) in R, we now show that the
commute time between any squares s;, s; in R is proportional to the product of
the number of squares in 2 and the electrical resistance between s; and s;. The
following Lemma is a continuous analog to [11] which related the commute time
of a random walk on a graph with its electrical resistance, considering each edge
as a 1-Ohm resistor.

Lemma 3. C;;, the commute time between squares s; and s; in R, obeys Equa-
tion C;; = 2np; ;, where n s the size of R and p;; 1s the electrical resistance
between squares s; and s;, assumming R to be made of a uniform material with
unit sheet resistance °.

Proof: Let us denote the maximum step size by r. In a step, the PC robot selects
a random angle and goes in that direction. The length of the step is u(z), half
the maximum radius not exceeding r of a circle around z within E. As explained

® The sheet resistance of a material is defined as the voltage across a square of the
material caused by one unit of current (i.e. one Ampere) that is flowing between two
parallel edges of the square. The sheet resistance is commonly expressed in units of
Ohms per square.
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before, we assume the time spent at z to be (u(z)/r)? which is one unit in an
internal point of R (i.e. where pu(z) = r), and less near the boundary, where
u(z) < r and steps are shorter (see Figure 3). If z ¢ s;, then the expected time
to reach square s; from z is just the average of the step length plus the access
time over a p(z)-circle around z, i.e.

o) = W+ 5 [ b+ w2, (9)

21 Jo—g
where z + p(z)et® refers to a point at distance p(z) from z and angle 6 to the
axis, in the complex notation. Clearly if z € s; then h;(z) = 0.

Now consider R as a flat surface of a uniformly resistive material with unit
sheet resistance, and assume that a current of Iy = 4/r? Amperes per unit of
area is uniformly injected into R, and 4n/r? Amperes are rejected from R via
the square s;. Let us also denote the electric potential at point z relative to
square s; by ¢;(z). Since there are no current sources within R, we know from
the Divergence Theorem (see, e.g. [19]) that for any closed surface, the amount
of current entering the surface should equal the current exitting through it (i.e.
the total current through the surface should vanish). Due to symmetry and
uniformity of the resistance, the average potential around a circle of radius p
can be calculated:

Proposition4. The average potential difference between the center and the cir-
cumference of a circle of radius i on a uniform surface with unit sheet resistance,
mto which Iy Amperes of current are uniformly injected per unit area, is

» 1 27 : T 2

= 2 o= [ (o) - a(0)do = 2= (10)
T Jo=0 4

The proof of Proposition 4 is deferred to the Appendix. Choosing Iy = 4/»2

one gets ¢(p) — #(0) = (p/r)? and hence (writing p for p(z) and ¢;(z) for the

potential at z when the potential in square s; is kept at zero):

o | (65 = 64 4 ey = (/) ()
612 = /7 + 5 [ a4 ey (12)

From the equivalence of Equations 9 and 12, and the uniqueness ° of the ex-

® The function h;(z) is uniquely determined by

hi(z) = Z t - Prob {square s; is reachable from z in ¢ steps}

t=1
o0 1 2 2 2

:Zt~—t/ / / A(61,6,...,0;) dbrdfs ... db,,
=1 (27T) 61=0 J05=0 6:=0

where A(f1,62,...,0;) =1 if the sequence of angles 81,6, ...,6; leads from point z
to (some point of) square s;, and 0 otherwise.
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pectation function h;(z), we see that h;(z) is equal to the potential difference
¢j(z) — ¢;(s;) if 472 units of current are injected into each unit of area, and
4nr~? units of current are rejected from s;. In a similar way one can show that
hi(z) = ¢i(2) — ¢;(s;), if 4/r? units of current are injected into each unit of area,
and 4n/r? units of current are rejected from s;. Now if we reverese the direction
of all currents in the second case, we get that h;(z) = ¢;(s;) — ¢(2), if 4/r?
units of current are rejected from each unit of area across R, and 4n/r? units
of current are injected into s;. Due to linearity of resistive electrical systems, we
can superpose both sheets together, thus making all currents cancel each other,
except the 4n/r* Amperes injected at s; and rejected from s;. This, together
with Ohm’s law 7, implies that C} ;, the commute time between squares s; and
s; obeys

Ci; = max {hj(z)+ hi(y)}

TES,YES;
- (65(2) — 6:W)} = 2, (13)
B xegzl%l/)ésj A iy - 7“2 Pij>

where p; ; is the maximal electrical resistance between squares s; and s; in R.
This resistance is measured by injecting a 1-Ampere current into one square, say
si, while rejecting it from s;. Then the maximum potential diiference between a
point in s; to one in s; is equal to p; ;.
Substituting » = v/2 in Equation 13 yields the Lemma. O
We now combine the above results to obtain

Theorem 5. 2np < E [TPC] < 2nplogn, where n s the size of R and p - ils

reststance.

Proof: immediate, by substituting Lemma 3 in Equation 8. O
A corollary is implied for a square room:

Corollary 6. If R is a square a X a room, then
cia’loga < E [TPC] < ¢qa’log® a, (14)

where ¢1,co are small constants.

Proof (sketch): We use the fact that the resistance of a square is ©(loga)
8 Then we also note that for an a x a room, n = a?, which, substituted into
Theorem 5, implies the corollary. O

" Ohm’s law says that the voltage drop between two points is equal to the product of
the current flowing between the points and the point to point resistance.

8 It is of interest to mention a lumped circuit analogy: a square m X m mesh of 1-Ohm
resistors is known [11] to have resistance @(logn).
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3.2 An upper bound on the variance of TPC

In order for our results to be useful, we now show that the variance of the cover
time, denoted V [TPC], is also bounded from above and hence there is only a

limited spread of the covering time around its average. It has been proved in
[3] that the variance in the cover time of a set S is at most constant times the
expected time of covering the last item in the set, i.e.

v [Tcover of S] <e E [Tcover of the last item 1n S ’ (15)

where ¢, is a constant ? less than 2'°. Applying it to our case, we can use the
maximum access time as an upper bound to the cover time of the last item (i.e.
a yet-unvisited square), so we get:

v [TPC] <2 max {Ci;} <2 np, (16)

which implies that the standard deviation is at most 321/2np.

4 A Universal Traversal Sequence of Angles

Let us define a universal traversal sequence of angles (UTSA) for a family of
planar sets F as a finite sequence of real numbers o = (a1, g, ..., apr), all in
[0,27), such that if a PC robot takes the turn oy in step ¢, it is guaranteed to
cover any shape from F| independent of the starting point. In this section we
shall show that if F is the set of all n-size unit-grid polygons, (i.e. polygons
made of n attached 1 x 1 squares), then such a sequence exists and has a length
polynomial in n. For this purpose we follow the probabilistic method invented
by Erdos and used in [2] to prove that a sequence of length O(n®logn) exists
that covers any edge-labelled k-regular graph '© with n vertices.

Theorem 7. There exists a sequence of 2n* logn angles that guarantees covering
of any rectilinear gridded polygon of size n.

Proof: First let us observe that if F is the set of all n-size unit-grid polygons,
then |F| < on” (since all polygons of size n can be enclosed by an n x n square).
We next apply Theorem 5 to obtain an upper bound of t = 2n?logn on the
expected cover time of any polygon in F, using the fact that the resistance p
obeys p < n for such polygons. Hence, after a sequence of ¢ random turns, the

® This value of the constant does not appear in [3], but can be calculated based on
the analysis done there.
10 4 graph is k-regularif exactly k edges emanate from every vertex. It is edge-labelled

if the edges emanating from each vertex are numbered in some order.
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probability of complete coverage is at least 1/2, and after an mi-long sequence
it 1s at least 1 — 27, On the other hand,

Prob {3R € F s.t. R is not covered by a random mt-long sequence }

< Z Prob { R is not covered by a random mt-long sequence }
ReF

27 F| < 2 (17)

IN

Hence if we choose m > n? then the probability for existence of an mt-long
sequence that does not cover all polygons in F is less than one, i.e. there exists
such a sequence which does guarantee covering of all polygons in F, and hence
there is a (2n*log n)-long sequence of angles which is a UTSA for F. O

Note that finding a universal sequence of length O(4™) is easy - just traverse
the quaternary tree of height n with the starting point as the root and with four
sons to each vertex, each representing a turning angle from {0,7/2 7, 37/2}.
Backtracking is possible thanks to the “compass” that our robot has. Clearly,
not all steps will be of length r because of walls and obstacles, but eventually
all squares will be reached.

5 Summary

We have shown that the expected cover time by a process of random steps in
a continuous polygon is related to the electrical resistance of the polygon. The
setting of continuous space is more relevant to robotics than the discrete struc-
ture of graphs, since robots move continuously, and even if a discrete partition is
dictated by some external signs (e.g. a tiled floor), it is still hard for a low-cost
robot to precisely identify those signs. The problem of continuous covering has
various implications for both theory and practice. The analysis suggested in this
paper can serve as an inspiration for further research in several directions, some
of which are described below.

1. Cooperating PC robots In a multi-robot setting we just add robots and
let them all follow the same PC rule. It is intriguing to see what if a more
significant communication is enabled, e.g. if a collision with another robot
or with the wall makes the future steps biased against the (alleged) location
of other robots/walls.

2. Finding a “short” universal traversal sequence of angles: We have
shown the existence of a polynomial-length universal sequence of angles
(UTSA) for gridded polygons. However we do not know how to find one.
The similar question for graphs is also wide open, with the only exceptions
(known to us) being paths and cycles [9], [8]. Intuitively, one may think
that finding a UTSA in our case is easier, since the robot is assumed to
have a kind of “compass”, while in the UTS problem for graphs, edges are
arbitrarily ordered.
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Appendix: Potential Difference Across A Uniformly-Resistive
Circle

Proof of Proposition 4 :

Consider a circle of radius g and unit sheet-resistance, and assume that a current
of Iy Amperes per unit area 1s uniformly injected into the circle. We seek for the
average potential difference (or ”voltage drop”) between the center of the circle
and its circumference, defined by

2w
S0 = a0 = 5= [ (6(0) = o(uc))d. (13)
T Jo=0
Consider a ring of radius « and infinitesimal width du (see Figure 4).
We know (from the Theorem of Divergence) that, since there are no sources
or sinks of current on the surface, all the current injected into the u-circle should
flow out across its boundary and into the ring. This amount of current is Iymu?.
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Fig.4. An infinitesimal ring within a circle. The average voltage drop across the ring
is obtained by integrating over small trapezoids like the one in gray, through which the
centrifugal current [(u,§) is flowing.

Let us denote by I(u, @) the centrifugal current flowing at ue®® in direction @, by
d¢(u, ) the voltage drop between the inner and outer edges of an infinitesimal
part of the ring, and by d¢(u) the average voltage drop across the ring. One can
now write

do(u) = o= [ do(u,0)dd =

1 /2” 1 [ I(u,0)dudd
27 Joo 27 Jop udf

(the resistance of a rectangle is length/width)

du 7 d Toud
2 I(u,0)d0 = 2—“m210 = (19)

27 Je_y U 2

Note that the voltage drop across the ring due to the current flowing into the
ring itself is proportional to the product of this current (o((u + du)* — u?) =
o(udu)) and the ring’s resistance ((o(du/u)), hence is o((du)?), and vanishes in
integration. Thus the total voltage difference can be found by integrating along
w:

$(0) — o(p) = /NO do(u)du = /io %“du _ Lo (20)

ad

This article was processed using the IATRX macro package with LLNCS style
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Abstract. We are interested in the fringe analysis of synchronized par-
allel insertion algorithms on 2-3 trees, namely the algorithm of W. Paul,
U. Vishkin and H. Wagener (PVW). This algorithm inserts k& keys into
a tree of size n with parallel time O(logn + log k).

Fringe analysis studies the distribution of the bottom subtrees and it is
still an open problem for parallel algorithms on search trees. To tackle
this problem we introduce a new kind of algorithms whose two extreme
cases seems to upper and lower bounds the performance of the PVW
algorithm.

We extend the fringe analysis to parallel algorithms and we get a rich
mathematical structure giving new interpretations even in the sequential
case. The process of insertions is modeled by a Markov chain and the
coefficients of the transition matrix are related with the expected local
behavior of our algorithm. Finally, we show that this matrix has a power
expansion over (n—l—l)_1 where the coefficients are the binomial transform
of the expected local behavior. This expansion shows that the parallel
case can be approximated by iterating the sequential case.

Keywords: Fringe analysis, Parallel algorithms, 2-3 trees, Binomial trans-
form.

1 Introduction

Fringe analysis studies the distribution of the bottom subtrees or fringe of trees
and has been applied to most search trees in the sequential case [EZGT82,BY95)

We are interested on the fringe analysis of the synchronized parallel algo-
rithms on 2-3 trees designed by W. Paul, U. Vishkin and H. Wagener [PVW83].
This algorithm inserts & keys randomly selected with & processors in time O(log n+
logk) into a 2-3 tree of size n. The fringe analysis in this case is still open and
the main drawback is the reconstructing phase that is composed by waves of
synchronized processors which modifies the tree bottom-up.

In this paper we propose a new synchronized parallel algorithm, denoted
MacroSplit, that bounds the [PVW83] one in the following sense: the distribution
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X node y node y node X node
ﬂ . m - ﬂ A
O O O O O O
1-type leaves 2-type leaves 2-type leaves 1-type leaves

Fig. 1. The transformation of + and y bottom nodes after insertion of one key. In (1)
the key b hits a bottom node z (containing the key a). Node « transforms into a node
y (having keys a and b). We have X411 = X; — 2 and Y41 = Y + 3. In case (2) the
key ¢ hits a bottom node y containing a and b. This the node y splits into 2 nodes x
containing a and c respectively, while b is inserted in the parent node recursively. Now

Xiy1=Xe+4and Vi =Y — 3.

of the fringe derived from the [PVW83] algorithm is upper and lower bounded
by the distribution derived from two extreme cases of our algorithm. The key
idea is that our algorithm reconstructs the tree with only one wave meanwhile
[PVW83] needs a pipeline of waves.

We have extended the fringe analysis from the sequential case into the parallel
case with significant improvements . As later on is showed, the direct extensions
of this technique on two concrete cases (the parallel insertion of two and three
keys) suggest the inapplicability of this technique on cases greater than these
simple ones. We have overcome this drawback with two facts allowing us the
analysis of the generic case (the insertion of k keys):

— The random insertion of keys generates a binomzal distribution on the bot-
tom nodes. This fact allows us the probabilistic analysis of the parallel algo-
rithm.

— The fringe evolution is determined by the expected local behavior of the
algorithm. This fact gives a new understanding to fringe analysis.

The rest of the paper is organized as follows. In section 2 we recall the
fringe analysis of the sequential case. In section 3 we introduce the MacroSplit
algorithms. Section 4 contains the direct extension of the fringe analysis for the
parallel introduction of two and three keys. Section 5 contains the analysis of
the generic case and section 6 the analysis of two concrete cases of this generic
case. Finally section 7 contains the conclusions.

2 Sequential case

The fringe of a tree 1s composed by the subtrees on the bottom part of a tree.
Our fringe is composed by trees of height one. A bottom node with one key is
called and x node, and a bottom node with two keys 1s called an y node. These
nodes separate leaves into 1-type leaves if their parents are x nodes and 2-type
leaves if their parents are y nodes.
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ks €.

Fig. 2. Choices for MacroSplit rules. In (i) the MaxMacroSplit rule creates a maxi-
mum number of splits. In (i) the MinMacroSplit rule creates the minimum number.
Intermediate strategies are allowed.

Let X; and Y; be the random variables associated to the number of 1-type
leaves and 2-type leaves respectively at the step ¢. We assume that X;+Y; = n+1
being n the number of keys of the tree. When a new key falls into a bottom node
this node is transformed according the rules given in figure 1. The probability
that a key hits a bottom node x 1s n)-(l—tl and for a node y is n}-/lfl'
expectations verify

The conditional

Xi

+1

Xy

+1

t

Y, 2 4
X, -2 X +4)=(1- —— | X, + —Y,
(X )+n+1( ¢ +4) ( n+1) et Y

E(Xip1 | Xe, Ve, 1) = -

t

Y; 3 3
Y; V-3 =—X 1—— Y,
(t+3)+n+1(t 3) 1 t+< n—l—l) ¢

E(Yt-l-l | XtaYtal) = n

The expected number of leaves (conditioned to the random insertion of one key)
at the step ¢ can be modeled by [EZG182,BY95]:

(E(Xt+1 | 1)) —T (E(Xt | 1))
By 11)) = B LB 1)
As the conditional expectations verify E(X¢p1 | 1) = E(E( Xy | Xe, Ve, 1) | 1)

and E(Yiq1 | 1) = E(E(Yeg1 | X¢, Y, 1) | 1) we get from the preceding expression
the 1-OneStep transition matrix

1 1 -3 4 . 10
Tn’1_<1+n—|—1) I+n—|—1<3—4) being I_<01).

In order to compare with the parallel case we consider the sequential insertion
of k keys given by Tse,? =Thtk—1,1-Tn1. It is easy to prove

k k(=3 4 1
75 = (1 I Ol—11
= () e (B o ()
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k| x node y node

1 y zx

2 zx Ty

3 Ty XX Or Yy
4| xzx or yy Ty

5 Y TTXT Or TYY
6|lrxre or xyy rrITY Or YYy

Table 1. MacroSplit possibilities for # and y bottom nodes once k keys are inserted.

3 MacroSplit parallel insertion algorithms

We introduce a parallel insertion algorithm based on the idea of MacroSplit. On
this algorithm an array of ordered keys a[l . .] is inserted into a 2-3 tree having
n leaves. The MacroSplit insertions algorithm has two main successive phases.

Percolation Phase. In a top-down strategy, the set of keys to be inserted is
split into several packets and these packets are routed down. Finally, these
packets are attached to the leaves [PVW83].

Reconstruction Phase. In a bottom-up phase the packets attached to the
leaves are really inserted and the tree is reconstructed. This reconstruction
is based in just one unique wave moving bottom up. First, the packets are
incorporated at the bottom internal nodes of the tree. In successive steps the
wave moves up, decreasing the depth one unit at each time. The evolution
of this unique wave needs the usage of rules so called MacroSplit rules (see
Figure 2).

The MacroSplit algorithm can be seen as a “height level” description of
the parallel insertion algorithm given by W. Paul, U. Vishkin and H. Wagener
in [PVW83] which take place by splitting a MacroSplit step into several more
basic steps chained together in a pipeline.

Let us see why we have several MacroSplit algorithms for a large k. At most,
k keys can reach a node. If the node stores more than two keys, it must split
using a MacroSplit rule. Table 1 show us several split possibilities for # and y
bottom nodes. For instance, the first row show us the splits of the x and y nodes
when k& = 1(see Figure 1). In this case there is just one possibility. The fourth
row show us how x and y nodes can be split when & = 4. In this case a bottom
node z can be split into 3 nodes x or into 2 nodes y. Later on we will consider
two extreme cases. The MaxMacroSplit algorithm will maximize the number of
splits at each step and the MinMacroSplit algorithm will minimize this number.
When k& = 1 or 2 both algorithms coincides (see table 1).

Consider that at the t 4+ 1 step k random keys (we asume a uniform distribu-
tion of them) fall in parallel into a fringe with X leaves of 1-type and V; leaves
2-type such that X; + Y; = n + 1. The expected values of X;y1 and Yi4q after
the insertions depends on two facts.
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() P(,) E(Xe41]Xe, Y5, 2,(4,0) E(Yerr | Xe, Y, 2,(,0)
(z,0) | 25w Xe+2 Y,

(w1, 22)| 235 257 Xe—4 Yi+6

(z,9) 2755 niT Xo+2 Y,

(v:9) | g Xe+2 Y,

(y1,92) | g et X +8 Y —6

Table 2. Parallel insertion of two keys

— The concrete form of the MacroSplit algorithm. This algorithm explicites how
many leaves of 1-type and 2-type will be generated by bottom nodes when
they receive some number of keys.

— The preceding values of X; and Y;.

We deal with a Markov chain and the evolution can be analyzed through the so
called k-OneStep transition matrix 75, x

(E(Xt+1 |]<7)) T (E(Xt |k’))
Evin 18)) = T \ By 1 6]
4 Parallel insertion of 2 and 3 keys

In this section we compute T}, » and T, 3 following directly the technique applied
before to sequential insertions [EZGT82] and we discuss the viability of this
approach.

4.1 Direct extensions

First, let us consider the case k = 2. We have only one MacroSplit algorithm
(see Table 1). The expected number of leaves is characterized by 2-OneStep T}, »

transition matrix:

E(Xepr [2)) o (E(X]2)

B 12)) =2 B 12))
We compute the probabilities of the different splits by an exhaustive case analysis
(see Table 2). As at most two keys can reach the same bottom node, we have no
election in the split, i.e. the transformation of bottom nodes is unique (second

row of table 1). Both keys can be either at the same bottom node or at different
bottom nodes, and in each case bottom nodes can be of type « or y. Let P(x, z) be
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the probability that both keys reach the same x node, P(z1,x2) the probability
to reach different # nodes and so on for the remainder probabilities P(z,y) and
P(y1,y2). We denote the generic case as P(-,-), being (.,.) the generic pair of
nodes accessed.

As B(Xiq1 | 2) = E(E(X¢41 | X, Y%,2)) we compute the expected number
of 1-type leaves as F(X;y1| X, Y:,2) = Z(w) P(-, ) B(Xt41]1Xe, Y4, 2, (1, ) being
E(Xe411X:, Y5, 2, (., .)) the expected number of 1-type leaves when 2 keys reach
node (-, ) conditioned to X; and Y;. For instance, if both keys reach different »
nodes then it holds

Xy X¢—2
n+1n+1

and E(X¢p1|Xe, Y2, 2, (21, 22)) = X; — 4 (table 2 contains the other values). In
the appendix we give the proof of the following lemma.

P($1a$2) =

Lemma 1. The conditional expectations verify

4 12 8 18
F(Xpar | X0V 2) = [1— X - Y
(Xiq1 | X, Y2, 2) ( n_|_1+(n—|—1)2) t+<n—|—1 (n—|—1)2) !
6 18 6 12
BV | X0, V0, 2) = (1- Y, - X
(Yegr | Xo, Y2, 2) ( n_|_1+(n—|—1)2) t+<n—|—1 (n—|—1)2) !

As the conditional expectations are linear in X; and V; and E(Xq1 | 2) =
E(E(Xt+1 | Xt,Yt,Q)), E(Yt+1 | 2) = E(E(YH_l | Xt,Yt,Q)) we have:

Lemma 2. The 2-OneStep transition matrix is:

2 2 -3 4 1 12 —18
Tho=11 I -
2 ( +n—|—1) T (3 —4) MCESE (—12 18)
Consider briefly the case k = 3. Now there are two possibilities (third row of

table 1). We have selected the second transformation. This corresponds to the
MinMacroSplit algorithm. As before, an exhaustive case analysis give us:

Lemma 3. In the case of the MinMacroSplit algorithm, the 3-OneStep transition
matriz Ty, 3 1s:

3 3 (-3 4 3 (12 —18 1 [—48 54
(LA 3 b
( +n—|—1) T (3 —4)+(n—|—1)2 (—12 18)+(n+1)3<48 —54)

4.2 Discussion of the cases 2 and 3

Based on the preceding cases can point several facts and questions:

1. The exhaustive case analysis (generalizing the sequential approach [EZG182])
for larger k, k = 5,6, ..., becomes intractable.
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2. For k = 1,2,3 the expectations F(X¢y1 | Xe, Vs, k) and E(Xep1 | Xi, Y2, k)
are linear in X; and Y;. It is unclear why non-linear terms always disappears.
Note that we assume this point of view in the equation k-OneStep transition
matrix 75, k.

3. The intuitive meaning of the coefficients appearing in the expectations is
unclear. For instance, the term 1 — n;j-l + ﬁ appearing in F(X:y1 |
X¢,Y:,2) in lemma 1 does not have any direct explanation in terms of the
MacroSplit algorithm.

4. By local behavior of the algorithm we mean what happens when ¢ keys hit just
one bottom node z or y (table 1) . By global behavior we mean the evolution
of X; and Y;. The previous exhaustive analysis does not give a clear cut
between the local and the global behavior of the MacroSplit algorithm.

5. Note that

— Lemmas 2 and 3 can be envisaged as a power erpansion over (n + 1)71
of the transition matrix.
— The matrices appearing when k = 2 also appears for k = 3 (see lemmas 2

and 3).

This suggest us a power expansion of the k-OneStep of the form

_ k vi(k) (=3 4

e () (8 )

Moreover, a little bit of though suggest us v;(k) = (’:) e

6. The different coefficients appearing into the matrices reflect the behavior of
the MacroSplit algorithm. We search for a precise meaning of this intuitive
fact.

In the following we solve all these questions.

5 Behavior of the MacroSplit algorithms

In order to study the expected behavior of an & or y node belonging to a fringe
of n 4+ 1 leaves when k keys are inserted at a given step, we need to know the
characteristics of the MacroSplit algorithm we are using.

5.1 Local behavior

We would like to know how many 1-type and 2-type leaves are generated when
¢ keys fall in the same step into a unique node z or y. To deal with this fact we
introduce the following definition.

Definition 4. At the bottom level, the local behavior of the MacroSplit algo-
rithm is given by the following functions:
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— The X,(¢) is the number of 1-type leaves after the insertion of ¢ keys into a
unique z node (for instance, X;(0) = 2, X,(1) =0, ... ). In the same way,
Xy (9) is the number of 1-type leaves after the insertion of ¢ keys into an y
node(for instance, X, (0) =0, Xy(1) =4, ... ).

— Dually, Y;(¢) is the number of 2-type leaves after the insertion of ¢ keys into
an z node. Finally, Y, (7) is the number of 2-type leaves after the insertion
of i keys into an y node.

These coefficients verify X, () + V(i) = 2 4+ i and Xy (i) + Yy (i) = 3 +i.

5.2 Distribution function

Assume that random k keys fall (in parallel) into a fringe having n + 1 leaves.
First of all, let us isolate just one bottom node x and one key to insert. Fixed z,
it has two leaves, and one new key can be inserted into this node in two different
positions (corresponding to the left of each leaf). Therefore just one key hits a
node z with probability 45

Now we consider what happens with this node x when k keys are inserted.
Let N, the a random variable denoting the number of keys falling into a fixed
bottom node x. As the set of k keys is random, this variable follows the binomial
distribution,

Fivm = () - 1) okt

such that b (¢, k,p) = (f)pl (1— p)k_i . Recall that the expected value is kp.

5.3 Expected local behavior

The number of 1-type leaves generated by the keys falling into a unique node z
is given by the random variable X, = X (N,). The expected number of 1-type
leaves generated by one x bottom node when a batch of & keys is inserted into
a fringe having n + 1 leaves is:

(Xo | k) = ZP{N — 1A (i Zb( ) X, (0)

The number of 2-type leaves generated by the node z is Y; = V,(N;), then the

expected value is is
2 .
B(Y, | k) Zb( )Yl

Let us fix a bottom node y. In this case, one key hits this node with probabil-
ity ni-l—l Let Ny be another random variable denoting the number of keys falling

into this node y, clearly P{N, = i} = b(i k i) In this case we have the
random variables X, = X (N,) and Y, = Y, (V) having the expected values

k

(X, | k) = Zb( U AL Zb( )90
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Note that these expected values depend of the concrete local behavior of the
algorithm. The expected number of leaves generated by just one bottom node
when k& random keys are inserted in parallel into a fringe having n + 1 is:

k k

5.4 Global behavior

We relate the local behavior with the global one by means of the matrix transi-
tion:

Definition 5. Given a fringe with n + 1 leaves and a MacroSplit algorithm, we
define the k-OneStep transition matrix as:

3 E(Xo | k) 2E(Xy | k’))

Tn = 21 v g v

+ ( Lo 1k L0, 18)

The proof of the following lemma is given in the appendix.

Lemma 6. Giwen a fringe with X; leaves of 1-type and Yy leaves of 2-type, when
k random keys are inserted into it in one step we have

(E(Xt-l—l |XtaYtak)) — T & (Xt)

E(Yt-l—l |XtaYtak) Yt
The proof of the following theorem is given in the appendix.

Theorem 7. When k random keys are inserted in one step we have:
E(Xepr [R)) _ o (E(Xe [F)
B |8) ) = T LB 1)
From the note 5 of the section 4.2 in which we have conjectured a power
expansion form for the transition matrix, it will be interesting to have a k-

OneStep transition matrix (definition 5) like T, , = (1 + HL_H) I+ ... Wecan

prove:

Lemma 8. Let I be the two dimensional identity matriz, the k-OneStep verifies:

ton= () (CTHeE 1) e )

5.5 Power expansion on the transition matrix

Let us recall the binomial transform B recently developed by P. Poblete, J. Munro
and Th. Papadakis [PMP95]. Let (F;);>0 be a sequence of real numbers, the
binomial transform is the sequence (F});>o defined as

Fj = B;F; = Z:(—W’ (Z) F;.

This transformation verifies F; = Biﬁj. In the following we will use the following
weighted form of the binomial transforms of (V.(7))i>o and (X (#))i>0:
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Definition 9. Let consider the coefficients a; = —27~ 1)/x( j) and §8; = —3j_12f'y (7).

Let us develop the relationship of the preceding coefficients with the local
expected values of the k-OneStep appearing in the lemma 8. The proof of the
following lemma is given in the appendix.

Lemma 10.

k

E(YHk):Bk(( _QH)B% ):—22 n+1 (lj) o
50 10 = 5 () B ):_3i (s

From lemmas 6 and 10 we get the following expansion

Theorem 11. The k-OneStep transition matriz can be rewritten as

k
a; =P
Tk (1+ )IJFJZ:% n+ 1) ()(-% ﬁj)’
Note that 15, , = Seq + 0 (l/n )

6 Two extreme MacroSplit algorithms

We have shown that the k-OneStep transition matrix depends of the concrete
MacroSplit algorithm. In this section we develop two extreme cases of this algo-
rithm: one denoted MaxMacroSplit algorithms that makes the maximum number
of splits and creates the maximum number of # nodes and another denoted Min-
MacroSplit algorithm that makes the minimum number of splits and creates the
maximum number of y nodes. These two extreme cases seems to bound the be-
havior of the whole pipeline in the W. Paul, U. Vishkin and H. Wagener [PVW83]

insertion algorithm.

6.1 The MaxMacroSplit and MinMacroSplit algorithms

Assume that an even i number of keys are attached to a node x (i = 6 in the
case 1 of the figure 3). This wide node splits by yielding ¢ + 2 1-type leaves (8
in the preceding case) and 0 2-type leaves. Then X,(7) = ¢ + 2 and Y, (i) = 0.
On the other hand, an odd number ¢ of keys are attached (¢ = 7 in case 2 of
the figure 3). In this case the split only creates one node y, then Y, (¢) = 3 and
X (i) = i—1 (3 and 6 respectively in the figure). Note that X', (¢)+ Y, (¢) = i+2.
We summarize the previous paragraph into the following lemma.

Lemma 12. The MaxMacroSplit algorithm has the following characterization:
(1) The local behavior is given by:
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+6 keys B MaxM acr oSplit
O OO OO0 O
+7 keys ] MaxM acr oSplit

[a[b[c[d[e[f[g[h]
O 0000000 O

Fig. 3. Application of MaxMacroSplit rule on a node =

— For even ¢ we have Xy(i) =i+ 2, Y, (i) =0,

y( i) =1, yy(l) =3
— For odd i we have Xy(i) =1—1, Vo (i) = 3, Xy(¢

=i+3, Y,(i)=0

(2) The expected local behavior is

B 1 3 . 3.3 . 2
E(Xo [k) =kp+5+5(a—p)" Eelk)=5—5(a—p)° for P=aa
3 3 3 3
E(X, |k)=kp+=—=Z(¢g—p)* EY,|k)==+4=(¢q—p) =
(Xy | k) Pt 2(q ) (Yy | k) 2+2(q p)t for p o

(3) The power expansion verifies ag = g = 0, 1 = 4. For j > 0 we have
= 3471 and for j > 1 we have B; = —36/-L,

When we consider a minimum number of splits we have the following

Lemma 13. The MinMacroSplit algorithm has the following characterization:
(1) The local behavior is given by:

— For i mod 3 =0 we have X, (i) = 2, )/x():,X(i)ZO,y(i):i 3
— Fori mod 3 =1 we have X, (i) =0, Yo (i) = i+2, X,({) =4, Yy(i) =i—1.
— Fori mod 3 =2 we have X, (i) =4, Yo (i) = i—2, X,({) =2, Yy(i) =i+ 1.
(2) Let be A A
2 — i 2 — i
- Re (M) wd o= v3Im (M)
The expected local behavior is determined by:
4 4 2
E(X, | k)=2—2 E(Y, | k) =ph+ = -4
(Xa | £) 3¢ (Yo | k) = pk+ 3¢ Jor p=mm
2 2 3
E(Xy k) =2=-20+3p E(y|k)=pk+1+20—2¢ for PE T

(3) For j > 2, the power expansion coefficients of the MinMacroSplit algorithm
verify ajye = 123 and Bjy6 = 1235;
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6.2 Relationship with PVW?’s algorithm

Let us see how the MaxSplit and MinSplit algorithms bound the fringe behavior
of the insertion algorithm given in [PVW83]. On it, a macro step contains the
whole insertion of the k keys. Let XPYW YPYW the fringe distribution before
the pipeline starts and let be Xf@’l‘"’, YtF_’l_Vlw be the fringe once the pipeline has

finished. A rough bound is given in the following conjecture.

Conjecture 14. Let XtMaXSPIit, YtMaXSP”t be the fringe in the MaxMacroSplit al-
gorithm. Let XtMi"SPIit, YtMi"SP”t be the fringe in the MinMacroSplit algorithm and
Let XPYW  vPYW be the fringe in the macro step algorithm of W. Paul, U.
Vishkin and H. Wagener, we have:

E(XtMi"SP”t | k’)
E(YtMaXSPIit | k’)

(XY k)
"k

<r < B(X P gy
S E S E(Ytﬂ/linSpIit | k’)

7 Conclusion

We have analyzed the MacroSplit parallel insertion algorithms (Theorem 7) and
we have proved that the coefficients of the k-OneStep, determining the global
behavior of the algorithm, are given by the expected local behavior. We have de-
veloped the power expansion (theorem 11) proving that the MacroSplit algorithm
can be approximated by the iterative sequential algorithm with an error deter-
mined by O(1/n?) (being n the size of the tree). The coefficients of the expansion
are proportional to the binomial transform of the expected local behavior

We have conjectured (conjecture 14) that the [PVW83] algorithm is bounded
by the two extreme algorithms MaxMacroSplit and MinMacroSplit and we have
computed (lemmas 12 and 13) the main values of these algorithms. In the limiting
case (very large trees) all these algorithms have the same performance.

Acknowledgement: We thank M. Sanchez Busquets to point out an error in
an earlier version of the paper.
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A Appendix

A.1 Proof of lemma 1
The conditional expectation B(X¢p1|Xe, V2, 2) is:

ZP(~, ) E(Xt-|—1|XtaYta2’ ( ) ))
()

1
= (n+1)? (QXt(Xt +2)+ X (X — 2) (X —4) + 2X, Y (X + 2)
+3Y, (X0 +2) + V(Y — 3)(X, +8))
— 2 2
=X + m (12Xt —4X;7 +4X,Y, +8Y;7 — 18Yt)
1
=X: + m (12Xt —4X; (Xt + Yt) 4+ SYt(Xt + Yt) — 18Yt)

The Yiq1 term has a similar development.

A.2 Proof of lemma 6

Let us consider a fringe having X; leaves of 1-type and Y; leaves of 2-type and
X:+Y; = n+ 1. In this fringe, the number of & bottom nodes is X;/2. The
number of y bottom nodes is Y; /3. Now we insert k& random keys in just one step
and we are interested in the value of X;y1. Let ./\fm' be the number of x nodes
getting ¢ keys and let Ay ; be the number of y nodes getting ¢ keys. We have

k k
Xeg1 = ZNW - X () + ZNy,i - Xy (1)
i=0 i=0

Recall that X; and Y; are fixed. As an x node gets i keys with probability
P{N, =i} and the number of z nodes is %Xt, the random variable ./\fm' follows
the binomial distribution

. o1 .
P{Nx,z =7 |XtaYtak} :b(jaiXtaP{N = Z})

Then the expected number of z nodes receiving exactly ¢ keys each one is
E(Ngi | Xe,Yi, k) = P{N, = 1| k}% Similarly, the expected number of y
nodes is E(Ny; | X¢,Y:, k) = P{N, =i | k}it.

We study the expected behavior of X;y1 when k keys are inserted at random.

k k
E(Xepr | Xe, Yo k) =Y E(N o | Xe, Yo, k)Xo (i) + Y E(N i | Xe, Ve, k)X, (0)
i=0

i=0

k k
% S OP{N, =i |k} (1) + %ZP{N@, =1 [k} (D)

i=0

X Y,
= B(Xe | k)5 + B(Xy | k)7
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The computation for F(Y;41 | X¢, Yz, k) is similar.
A.3 Proof of theorem 7
From the preceding lemma we have
B(Xear | X0 Yo k) = B(X0 [R50 4 B, [ )2
As BE(Xi 4+ 1| k) = E(E(Xeq1 | X, Y, k) | k) we have
B(Xe+11K) = SB(E(G [K)X0 | B)+ S BB, | R |4

As X, and X; are independent E(E(X, | k)X; | k) = E(Xy | k)E(X: | k) and

the proof is done.

A.4 Proof of lemma 10

Recall that

k

B0 = ZP{Xx = =2 (3) () (1- ) v

£=0

Consider the sequence (F(Y, | £)>z>0, given p + ¢ = 1 the binomial transform
verifies B; >, ( )plqZ Py = p]F therefore:

B(Ye ) = ;505 10 = (=) B0 = () 9:0)

Now we apply the property Fj = By B;F; and
E(Ys | k) = By E(Y, | j) = BB, E(Y, |£):Bk(( 2 ) B (7))
T T g T T1 T
Using linearity ByyF; = vB,F; and o = —27713,Y,.(i) we have

B 1) = 28 ((— ) 2B = 26;@((#)%)
-2 ()i

The case E(zy | k) is quite similar.
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Abstract. We consider the problem of extending the analysis of balls
and bins processes where a ball is placed in the least loaded of d ran-
domly chosen bins to cover deletions. In particular, we are interested
in the case where the system maintains a fixed load, and deletions are
determined by an adversary before the process begins. We show that
with high probability the load in any bin is O(loglogn). In fact, this
result follows from recent work by Cole et al. concerning a more difficult
problem of routing in a butterfly network.

The main contribution of this paper is to give a different proof of this
bound, which follows the lines of the analysis of Azar, Broder, Karlin,
and Upfal for the corresponding static load balancing problem. We also
give a specialized (and hence simpler) version of the argument from the

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'98, LNCS 1518, pp. 145-158, 1998.
O Springer-Verlag Berlin Heidelberg 1998
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paper by Cole et al. for the balls and bins scenario. Finally, we provide
an alternative analysis also based on the approach of Azar, Broder, Kar-
lin, and Upfal for the special case where items are deleted according to
their age. Although this analysis does not yield better bounds than our
argument for the general case, it is interesting because it utilizes a two-
dimensional family of random variables in order to account for the age
of the items. This technique may be of more general use.

1 Introduction

A standard question in load balancing is to consider what the distribution of
balls in bins looks like when m balls are thrown into n bins. In particular,
when n balls are thrown into n bins, it is well known that the maximum load
is approximately logn/loglogn with high probability. The seminal paper of
Azar, Broder, Karlin, and Upfal asked a related question: suppose the balls are
placed sequentially, and each ball is placed in the least loaded of d bins chosen
independently and uniformly at random [4]. In this case, they find that the
maximum load is loglogn/logd + O(1) with high probability; more detailed
analysis of the distribution in this case is undertaken in [10]. This work has
led to a number papers analyzing related load balancing schemes, including for
example [1,2,5-9,11,12].

Note that the above result applies to a static problem, where a fixed number
of balls are distributed. An interesting related question is to consider the dynamic
situation where balls can be deleted as well as inserted into the system over time.
Indeed, the original paper by Azar, Broder, Karlin, and Upfal examines the
dynamic situation where at each step a random ball is deleted and re-inserted in
the system [4]. Related work by, for example, Mitzenmacher [8,9,11] and Adler
et al. [1] examines deletions via connections with queueing theoretical models.

Here we focus on a model where an adversary may specify a deletion sequence
in advance. Our first and main result is to extend the proof of [4] to handle a
polynomial length sequence of insertions and deletions, where the maximum load
in the system is always at most n balls. We then note that an even more general
result, in which re-insertions can occur, is already essentially contained in the
results of [6] (a re-insertion causes a ball to choose among the same bins as on
its first insertion). This work considered a similar problem related to routing on
a butterfly network. We restate this proof for the balls and bins setting, where
it becomes significantly simpler. Finally, we consider a special case in which
deletions are always of the item that has been longest in the system. We again
use a variant of the two-choice argument from [4], this time making use of a
two-dimensional family of random variables, similar in spirit to the work of [11].

We emphasize that the interest of this work lies in the techniques used rather
than the result, which is already implicit in the work of [6].
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2 Adversarial deletions: polynomially many steps

In this section, we demonstrate that the original proof of Azar, Broder, Kar-
lin, and Upfal in [4] can be extended to handle deletions under an appropriate
adversarial model for polynomially many steps. We first define the underlying
process.

For a vector v = (v1,vs,...), let Py(v) be the following process: at time
steps 1 through n, n balls are placed into n bins sequentially, with each ball
going into the least loaded of d bins chosen independently and uniformly at
random. After these balls are placed, deletions and insertions alternate, so that
at each subsequent time step n + j, first the ball inserted at time v; is removed,
and then a new ball is placed into the least loaded of d bins chosen independently
and uniformly at random. (Actually we do not require this alternation; the main
point is that we have a bound, n, on the number of balls in the system at any
point. The alternation merely makes notation more convenient.)

We assume the vector v is suitably defined so that at each step an actual
deletion occurs; that is, the v; are unique and v; < n + j — 1. Otherwise v is
arbitrary, although we emphasize that it is chosen before the process begins and
does not depend on the random choices made during the process.

We adopt some of the notation of [4]. Each ball is assigned a fixed height
upon entry, where the height is the number of balls in the bin, including itself.
The height of the ball placed at time ¢ is denoted by h(t). The load of a bin
at time ¢ refers to the number of balls in the bin at that time. We let p>g(t)
denote the number of balls that have height at least k at time ¢, and v>(t) be
the number of bins that have load at least k at time ¢. Note that if a bin has
load k, it must contain some ball of height at least k. Hence pi>5(t) > v>i(t) for
all times ¢. Finally, B(n,p) refers to a binomially distributed random variable
based on n trials each with probability p of success.

Before giving the proof, we sketch the main ideas. The flavor of the proof
is to show that with high probability the number of bins containing at least ¢
balls is doubly exponentially decreasing for sufficiently large ¢. The bound on the
number of bins containing at least ¢ + 1 balls is obtained from the bound on the
number of bins containing at least ¢ balls. Establishing the proper conditioning
between the number of bins with ¢ and ¢ + 1 balls makes the proof challenging.

A key idea is to avoid seeking a direct bound on the number of bins con-
taining at least ¢ balls. Rather, following [4], we use the fact that the number of
balls of height at least ¢ bounds the number of bins containing at least ¢ balls.
This leads us to obtain bounds on the distribution of ball heights which, with
high probability, hold for polynomially many steps. A concern is that here the
adversarial choice of deletions might lead this bound to be too weak. On the
other hand, the adversary is constrained, for the full sequence of deletions must
be chosen up front, and this allows the result.

The key difference between our result on that of [4] is that they find a domi-
nating distribution of heights on one set of n balls, whereas we use a distribution
that applies to every set of n balls present in the system as it evolves. As it hap-
pens, the bounds are essentially the same; the most significant changes lie in
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the end game, where we must bound the number of bins containing more than
loglogn/logd balls.

Theorem 1. For any fized constants c1 and ca, with probability at least 1 —
o(1/n°) the maximum load of a bin achieved by process Py(v) over T = n<
steps is loglogn/logd + O((c1 + ¢2)/d)

Proof. The argument extends the original Theorem 4 of [4], by determining a
distribution on the heights of the balls that holds for polynomially many steps,
regardless of which n balls are in the system at any point in time.

Let &; be the event that v>;(t) < §; for time steps t =1, ..., T, where the §;
will be revealed shortly. We want to show that at time ¢, 1 <t < T,

Pr(pusiy1 > Biv1 | &)

is sufficiently small. That is, given &;, we want £; 11 to hold as well. This proba-
bility is hard to estimate directly. However, we know that since the d choices for
a ball are independent, we have

(VZi(t — ].))d

Pr(h(t) i+ 1| vsi(t—1)) = v

We would like to bound for each time ¢ the distribution of the number of
time steps j such that h(j) >4+ 1 and the ball inserted at time step j has not
been deleted by time t. In particular, we would like to bound this distribution
by a binomial distribution over n events with success probability (3;/n)¢. But
this is difficult to do directly as the events are not independent.

Instead, we fix ¢ and define the binary random variables Y; for t = 1,...,T,
where

Y;g =1 iffh(t) ZZ+1 and VZi(t_]-) Sﬂz

(The value Y; is 1 if and only if the height of the ball ¢ is at least ¢ + 1 despite
the fact that the number of boxes that have load at least i is currently below
8:)

Let w; represent the choices available to the j’th ball. Clearly

B def
Pr(Yi=1|wi, .. ,wi—1,01,...,0—pn) < n_ti = pi
Consider the situation immediately after a time step ¢ where a new ball has
entered the system. Then there are n balls in the system, that entered at times

Uy, U, ..., uy. Let I(t") be the set of times {uy, ua,...,u,}. Then
n
D Ye=) Yui
tel(t) 1=1

that is, the summation over I(t’) is implicitly over the values of Y; for the balls in
the system at time ¢’. (This statement differs from the result of [4]; the important
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point here is that we can bound ), 1(¢) Yt regardless of what n balls are in the
system. Note these balls are fixed for any time ¢ by the deletion sequence v.)
We may conclude that at any time ¢ < T

Pr| > Yi>k| <Pr(B(n,pi) > k). (1)
tel(t’)

Observe that conditioned on &;, we have p>;41(t') = > ter() Ye- Therefore

PrBLp) 2 H)

Pr(psit(t') > k| &) =Pr Z Vizkl& | < Pr(&;)
tel(t) '
Thus: T Pr(B( ) > k)
r n,pi) =
~& ) <
Pr(=&i1 | &) < Pr(&;)
Since
Pr(=&i41) < Pr(=€it1 | &) Pr(&) + Pr(=&),

we have

Pr(=€iy1) < TPr(B(n,pi) > k) + Pr(=€;). (3)

We can bound large deviations in the binomial distribution with the formula
(see for instance [3], Appendix A.)

Pr(B(n,p;) > epin) < e P, (4)
We may then set 3s = g5, and subsequently

d

_ ePia .
B; = A1 fori>17.

Note that the §; are chosen so that Pr(B(n,p;) > 8i+1) < e Pi".
With these choices & holds with certainty, as there cannot be more than
n/2e bins with 6 balls. For i > 6,

T 1

— ncl+1

provided that p;n > (¢ + c2 + 1) Inn.

Let i* be the smallest value for which p;«_1n < (¢1 + ¢2 + 1) Inn. Note that
i* <Inlnn/lnd + O(1). Note that the preceding argument can not be used to
bound the number of bins with height at least i*, as the Chernoff bounds are no
longer powerful enough; hence we must tackle the tail more directly. This requires
some careful attention to detail. In fact we will show that, given &;« _1, then with
probability 1—o(1/n), there are no balls with height ¢*+[(c1+ca+2)/(d—1)]+1
over the course of the entire process.
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Let F1 be the event that vs«(t) < (ec1 + eca + ¢) Inn for all times ¢t <T'. In
other words, at every time there are not too many bins with height at least i*.
Then

Pr(—=F1) < Pr(=F1 | Eiv—1) Pr(Eiv—1) + Pr(=&i+ 1),

and again by (1), (2), and (4)
Pr(=F1 | E+—1) Pr(&+—1) < TPr(B(n, (c1+c2+1)Inn/n) > (eci+eca+e)Inn) <

Let F2 be the event that v>;41(t) < ¢1 + c2 + 2 for all times ¢ < T'. In other
words, at every time there are no more than a constant number of bins with load
at least ¢* + 1. Again,

Pr(—\fg) < PI‘(_‘}-Q | .7:1) PI‘(]‘H) + Pr(_‘fl).
Here
Pr(=F, | F1)Pr(F1) < TPr(B(n, ((eci + eca +€) Inn/n)?) > ¢1 + ¢z + 2).
The binomial expression can be checked to be o(1/n¢1*21) and hence this last
term is also O(1/nc*1).

Conditioned on F3, we must now show that throughout the process there
are no bins with load #* + [(¢1 + c2 + 2)/(d — 1)] + 1 with sufficiently high
probability. Let this event be given by G. Consider any specific time step z. For
there to be be any bins with load i* + [(¢1 + c2 +2)/(d — 1)] + 1 at time z, at

least [(c1 +c2 +2)/(d —1)] of the balls in the system must have landed in bins
with height at least ¢* + 1. Hence

Pr(=G) < Pr(—G | F2) Pr(Fz) + Pr(~F2).
Here
Pr(=G | F2) Pr(F2) < TPr(B(n, ((c1 + c2 +2)/n)Y) > [(e1 +e2 +2)/(d—1)]) .

The binomial expression can be checked to be o(1/n¢*<2*1) and hence this last
term is also O(1/nc1+1).
To conclude (abusing notation), we have

Pr(—\g) <0

1 — 1
<0(mm)+ X

i=1
Here the last bound comes from the recurrence (3). That is, Pr(—G) is dominated

by the sum of O(loglogn) events each with with probability O(1/n¢1+1); the
theorem follows.

1

ncl—‘rl .
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Note that the probability bounds of Theorem 1 can be improved by choosing a
smaller value of ¢*, so that the strong Chernoff bounds hold, and then increasing
the maximum load allowed appropriately. Similarly, we can improve the theorem
so that a superpolynomial number of steps can be handled, although this requires
increasing the bound on the maximum load above loglogn/logd + O(1) to for
example (1 + o(1))loglogn/logd.

3 Adversarial deletions: a witness tree argument

In this section, we provide a simple witness tree argument for the balls-and-bins
problem with deletions and re-insertions. A similar argument appears in [6] for
the more difficult problem of routing circuits in a butterfly network. Therefore,
our result is not new, in that it follows naturally from the argument in [6].
Rather, our goal is to present a self-contained and simplified version of the proof
for the simpler balls-and-bins situation. For convenience, we focus on the case
d=2.

We consider a variation Qq(v,w) of the process Py(v). Again, the process
begins with n insertions, followed by alternating insertions and deletions, with v
specifying the balls to be deleted. We now use w to represent insertions, however.
We assign each ball an identification number, and without loss of generality we
assume the first n balls have ID numbers 1 through n. At time n + j, the ball
with ID number w; is inserted. If this ball has never been inserted before, then
it is placed in the least loaded of d bins chosen independently and uniformly at
random. If the ball has been inserted before, it is placed in the least loaded of
the d bins chosen for its first insertion — that is the bin choices of a ball are fixed
after it is first inserted in the system. We assume that v and w are consistent,
so there is only one ball with a given ID number in the system at a time. Note
also that v and w must be chosen by the adversary before the process begins,
without reference to the random choices made during the course of the process.

This scenario appears when, for example, we use a (random) hash function
for the two bin choices of every ball. As before, when a ball is (re-)inserted, the
algorithm places the ball in the bin with the smaller load.

The main theorem of this section is stated below. The constants of the the-
orem have been chosen for convenience and have not been optimized. Note that
the techniques used to prove this theorem can be generalized to show that if
each ball makes d bin choices for some constant d, then the maximum load of
any bin is O(log log n) with high probability. The result can also be extended for
non-constant d as well.

Theorem 2. At any time t, with probability at least 1 — 1/nm10g1°g ) the maa-
imum load of a bin achieved by process Q2(v,w) is 4loglogn.

Proof. We prove the theorem in two parts. First, we show that if there is a bin r
at time ¢ with 44 balls, where £ = loglogn, there exists a degree £ pruned witness
tree. Next, we show that, with high probability, no degree £ pruned witness tree
exists.
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Constructing a witness tree. In a witness tree, each node represents a bin
and each edge (r;,7;,t.) represents a ball that was inserted at time t. whose
two bin choices are ; and r;. Suppose that some bin r has load 4¢ at time t.
We construct the witness tree as follows. The root of the tree corresponds to
bin 7. Let b1,...,bss be the balls in r at time t. Let r; be the other bin choice
associated with ball b; (one of the choices is bin r). The root r has 4¢ children,
one corresponding to each bin r;. Let ¢; < t be the last time b; was (re-)inserted
into the system. Without loss of generality, assume that t; < t3 < ... < t4¢. Note
that the height of ball b; when it was inserted at time ¢; is at least i. Therefore,
the load of bin r;, the other choice of b;, is at least i — 1 at time t;. We use this
fact to recursively grow a tree rooted at each r;.

The witness tree we have described is irregular. However, it contains as a
subgraph an /f-ary tree of height £ such that

— The root in level 0 has ¢ children that are internal nodes.

— Each internal node on levels 1 to £ — 2 has two children that are internal
nodes and £ — 2 children that are leaves.

— Each internal node on level ¢ — 1 has ¢ children that are leaves.

For convenience we refer to this subtree as the actual witness tree henceforth.
Constructing a pruned witness tree. If the nodes of the witness tree are
guaranteed to represent distinct bins, proving our probabilistic bound is a rel-
atively easy matter. However, this is not the case; a bin may reappear several
times in a witness tree, leading to dependencies that are difficult to resolve. This
makes it necessary to prune the tree so that each node in the tree represents
a distinct bin. Consequently, the balls represented by the edges of the pruned
witness tree are also distinct. In this regard, note that a ball appears at most
once in a pruned witness tree, even if it was (re-)inserted multiple times in the
sequence.

We visit the nodes of the witness tree iteratively in breadth-first search order
starting at the root. As we proceed, we remove (i.e., prune) some nodes of the
tree and the subtrees rooted at these nodes — what remains is the pruned witness
tree. We start by visiting the root. In each iteration, we visit the next node v in
breadth-first order that has not been pruned. Let B(v) denote the nodes visited
before v.

— If v represents a bin that is different from the bins represented by nodes in
B(v), we do nothing.

— Otherwise, prune all nodes in the subtree rooted at v. Then, we mark the
edge from v to its parent as a cutoff edge.

Note that the cutoff edges are not part of the pruned witness tree. The procedure
continues until either no more nodes remain to be visited or there are ¢ cutoff
edges. In the latter case, we apply a final pruning by removing all nodes that are
yet to be visited. The tree that results from this pruning process is the pruned
witness tree. After the pruning is complete, we make a second pass through
the tree and construct a set C' of cutoff balls. Initially, C is set to (). We visit



On Balls and Bins with Deletions 153

the cutoff edges in BFS order and for each cutoff edge (u,v) we add the ball
corresponding to (u,v) to C, if this ball is distinct from all balls currently in C
and if |C| < [p/2], where p is the total number of cutoff edges.

Lemma 1. The pruned witness tree constructed above has the following proper-
ties.

1. All nodes in the pruned witness represent distinct bins.

2. All edges in the pruned witness tree represent distinct balls. (Note that cutoff
edges are not included in the pruned witness tree.)

8. The cutoff balls in C' are distinct from each other, and from the balls repre-
sented in the pruned witness tree.

4. There are [p/2] cutoff balls in C, where p is the number of cutoff edges.

Proof. The first three properties follow from the construction. We prove the
fourth property as follows. Let b be a ball represented by some cutoff edge, and
let v and w be its bin choices. Since v and w can appear at most once as nodes in
the pruned witness tree, ball b can be represented by at most two cutoff edges.
Thus, there are [p/2] distinct cutoff balls in C.

Enumerating pruned witness trees.

We bound the probability that a pruned witness tree exists by bounding both
the number of possible pruned witness trees and the probability that each such
tree could arise. First, we choose the shape of the pruned witness tree. Then,
we traverse the tree in breadth-first order and bound the number of choices for
the bins for each tree node and the balls for each tree edge; we also bound the
associated probability that these choices came to pass. Finally, we consider the
number of choices for cutoff balls in C' and the corresponding probability that
they arose. Multiplying these quantities together yields the final bound — it is
important to note here that we can multiply term together only because all
the balls and the bins in the pruned witness tree and the cutoff balls in C' are
distinct.

Choosing the shape of the pruned witness tree. Assume that there are p cutoff
edges in the pruned tree. The number of ways of selecting the p cutoff edges is

at most et
(é 2 ) < (PP,
» S

since there are at most £22¢ nodes in the pruned witness tree.

Ways of choosing balls and bins for the nodes and edges of the pruned witness
tree. The enumeration proceeds by considering the nodes in BFS order. The
number of ways of choosing the bin associated with the root is n. Assume that
you are considering the i*" internal node v; of the pruned witness tree whose
bin has already been chosen to be r;. Let v; have §; children. We evaluate the
number of ways of choosing a distinct bin for each of the J; children of v; and
choosing a distinct ball for each of the d; edges incident on v; and weight it by
multiplying by the appropriate probability. We call this product E;.
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There are at most (gl) ways of choosing distinct bins for each of the d; children
of v;. Also, since there are at most n balls in the system at any point in time,
the number of ways to choose distinct balls for the §; edges incident on wv; is

also at most (gl) (Note that the n balls in the system may be different for each

v;; however, there are still at most (gl) possibilities for the ball choices for any

vertex.) There are ¢;! ways of pairing the balls and the bins, and the probability
that a chosen ball chooses bin r; and a specific one of §; bins chosen above is

2/n?. Thus,
5
n n 2\
< 1(2) <25
s (51) (51') & (n2> =2/ ®

Let m be number of internal nodes v; in the pruned witness tree such that
0; = L. Using the bound in Equation 5 for only these m nodes, the number of
ways of choosing the bins and balls for the nodes and edges respectively of the
pruned witness tree weighted by the probability these choices occurred is at most
n- (2¢/00)™.

Ways of choosing the cutoff balls in C. Using Lemma 1, we know that there
are [p/2] distinct cutoff balls in C. The number of ways of choosing the balls
in C is at most n/P/21  since at any time step there are at most n balls in the
system to choose from. Note that a cutoff ball has both its bin choices in the
pruned witness tree. Therefore, the probability that a given ball is a cutoff ball

is at most -~
€227\ 2 4620 7, 2

Thus the number of choices for the [p/2] cutoff balls in C weighted by the
probability these cutoff balls occurred is at most

nIP/21 (04228 ) IP/21 < (4492 1) [P/21

Putting it all together. The probability at time t of there existing a pruned
witness tree with p cutoff edges, and m internal nodes with ¢ = loglog n children,
is at most

2Potp .y (2800 . (0422 ) 1P/2] <y (28 /00)™ . (4323 /) [P/2]
< n-(2e/loglogn)™°ele™ . (loglog® nlog* n/n)P/21. (6)

Observe that either the number the cutoff edges, p, equals £ or the number of
internal nodes with ¢ children, m, is at least 2=2 = logn/4. Thus, in either
case, the bound in Equation 6 is 1/ nf2oglogn) Fyrther, since there are at most
£22¢ values for p, the total probability of a pruned witness tree is at most £22°¢ -
1/n*?0eglogn) which is 1/n*?(°81°8) This completes the proof of the theorem.

4 Deletions based on item age

We now consider an alternative scenario, where items are deleted in order of
their insertion time. We define a process P based on phases: in the first phase,
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there are n insertions, where again all insertions are made by putting a ball into
the least loaded of d bins chosen independently and uniformly at random. In
subsequent phases, there are first n insertions, and then the items inserted in
the previous phase are deleted.

One way to view this process is as a modified version of the process Py(v)
in the case where v = (1,2,3,...). The difference here is that deletions and
insertions do not alternate; instead, deletion requests are batched and acted
on at the end of a phase. (Unfortunately, we do not yet have an argument
showing bounds no this modified version of Py;((1,2,...)) necessarily also hold
on the original process, even though it seems natural to conclude that batching
deletions until a later time can only worsen performance.)

This phase-based system allows us to regard the state of each bin as a two-
dimensional variable. A bin is said to be in state (7, 7) if it has ¢ balls that will
be deleted in the next deletion phase and at least j balls that have been inserted
in the current insertion phase. Such two-dimensional models have previously
proven useful for dynamic variations of load balancing problems [11]. We prove
bounds for this phased-based system; for convenience we consider only the case
d=2.

Theorem 3. For any fized constant ¢, the mazimum load of a bin achieved
by process P3(1,2,...) over T = n° steps is loglogn/log2 + O(1) with high
probability.

Proof (Sketch). We vary Theorem 1 so that it works on phases. That is, consider
a time interval of n insertions preceding a deletion phase. Let X; ;(t) be the
number of bins with 4 balls that will be deleted and at least j newly inserted
balls after the ¢th insertion. Note that X; ;(0) = 0 unless j = 0.

Our goal is to show there is a simple “stable” bounding distribution with
the following property: if we begin with X; ¢(0) < §; for some appropriate se-
quence (3;, then after n insertions and n deletions, we again have X, 0(0) < G;
with suitably high probability. This will imply that the process continues for
polynomially many steps before the load becomes too high, assuming we begin
properly.

Suppose

Xio(0) < O;—.n’YT
for sufficiently large ¢ > L, where L and ~y are suitable constants. (For example,
we may take L = 20, a = 1/20, and v = (1 — 5%); note v~ 1) It can be
checked that this condition holds after the first n insertions in a straightforward
manner. We will show that
an itj

Xij(n) < mW’Q
for i + 7 > L with high probability.

Further, let Xi,o = Z;’;O Xk.i(n); Xi,o is just the number of bins with ¢ balls
after the insertions and deletions complete. We will also show that

~ an i
Xio(0) < 772
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for ¢ > L with high probability; this will allow us to continue the process for
polynomially many steps. (Actually, technically we only require these conditions
hold for up to the point where i + j is loglogn/log2 + O(1), so that there are
still £2(logn) bins of this height. Once the number of bins at a state becomes
sufficiently small so that Chernoff bounds no longer apply, we must use a more
explicit tail argument, as in Theorem 1. This affects the O(1) term of the theo-
rem, which depends on ¢. We skip these details here.)
We prove this inductively on 7 + j in a similar fashion to the induction in
Theorem 1. Define
def a giti
Yij = —— .
1+
Let &; be the event that X; ;(n) < y,; ; for all i + j = ¢g. Now for a fixed pair
(i,j + 1) with ¢ + 7 = g consider a series of binary random variables Y; for
t=1,...,n, where Y; = 1 iff the ¢th ball lands in a bin in state (i,j + 1) (after
its entry) and &;. (The value Y; is 1 if the height of the ball ¢ is at least i+ j +1
and 4 balls in its bin are to deleted, despite the fact that the number of such
bins has not grown too large.)
Let w; represent the choices available to the ith ball. Then

Pr(Y; =1 wr, . wi1) Sy +2 > Uikt +2 ) YisUko = Prj.
k+l=g k>g
(k,1)#(1,5)

We simplify the above expression:

a27277+.7'+1 ok _oits
P;; < i 14206 +5)+2) 4~
J k>g

o gititl
<o ().
1+

In the last inequality, we bounded the last summation using the specified value
for v and the fact that g > L.

By the Chernoff bound »°;" , V; < %nyi,j with probability at least 1—1/n2¢+2
as long as P;; > (2¢ + 2)Inn. But here >} | ¥; = X, j(n) conditioned on &,.
Hence, as long as i + j = o(logn),

1
Pr(-pin €)= o )
Similarly, conditioned on all &; for g > L, for i > L + 1,

Xio= Z Xk,i(n)

k>0
Oé"/QH—k
<y o
= 2(i+ k)
2"

[0
S—.’Y
(3
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Hence, with high probability, the inductive argument goes through, handling
all levels of height at least L + 1. As the probability of failure is o(=2) in any
phase, we can go through n® phases before a failure with high probability.

Note, however, than in using the assumption that the previous phase was well
bounded to obtain the bound for the next one, we have “lost” the appropriate
bound for )A(L,o. This is because to bound )A(L,O(O) we would need to have an
initial bound on X_1 (0), which we lack. This problem can be easily handled
by noting that the number of bins with at least L balls at any point in the
process is stochastically dominated by the number of bins with at least L balls
when 4n bins are thrown into the n bins; this is because we could consider
the distribution when each of the at most 2n balls in the system has a twin,
and a ball or its twin goes into each of the two bins a ball chooses from. This
distribution clearly dominates the distribution present in the system. For L = 20
and the parameters chosen we can conclude that at the beginning of every phase
&1, holds with probability exponentially small in n, so the inductive proof goes
through.

As for Theorem 1, the probability of failure can be made lower by increasing
the bound on the maximum load appropriately.
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Abstract. Suppose we sequentially throw m balls into n bins. It is a
natural question to ask for the maximum number of balls in any bin.
In this paper we shall derive sharp upper and lower bounds which are
reached with high probability. We prove bounds for all values of m(n) >
n/polylog(n) by using the simple and well-known method of the first and
second moment.

1 Introduction

Suppose that we sequentially throw m balls into n bins by placing each ball into
a bin chosen independently and uniformly at random. It is a natural question
to ask for the maximum number of balls in any bin. This very simple model has
many applications in computer science. Here we name just two of them:

Hashing: The balls-into-bins model may be used to analyze the efficiency of
hashing-algorithms. In the case of the so called separate chaining, all keys that
hash to the same location in the table are stored in a linked list. It is clear that
the lengths of these lists are a measure for the complexity. For a well chosen
hash-function (i.e. a hash-function which assigns the keys to all locations in the
table with the same probability), the lengths of the lists have exactly the same
distribution as the number of balls in a bin.

Online Load Balancing: With the growing importance of parallel and distributed
computing the load balancing problem has gained considerable attention during
the last decade. A typical application for online load balancing is the following
scenario: consider n database-servers and m requests which arise independently
at different clients and which may be handled by any server. The problem is to
assign the requests to the servers in such a way that all servers handle (about)
the same number of requests.

Of course, by introducing a central dispatcher one can easily achieve uniform
load on the servers. However, within a distributed setting the use of such a
central dispatcher is highly undesired. Instead randomized strategies have been
applied very successfully for the development of good and efficient load balancing

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM’ 98, LNCS 1518, pp. 159-170, 1998.
[ Springer-Verlag Berlin Heidelberg 1998
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algorithms. In their simplest version each request is assigned to a server chosen
independently and uniformly at random. If all requests are of the same size the
maximum load of a server then corresponds exactly to the maximum number of
balls in a bin in the balls-into-bins model introduced above.

1.1 Previous results

Balls and bins games have been intensively studied in the literature, cf.
e.g. [JK77]. The estimation of the maximum number of balls in any bin was
originally mainly studied within the context of hashing functions. In particu-
lar, GONNET [Gon81] determined for the case m = n that the expected num-
ber of balls in the bin containing the maximum number of balls is I'"!(n)(1 +

0] (m)) One can check that Gonnet’s result implies that the maximum

load of any bin is with high probability Flgolg(g—n(l + o(1)). In his dissertation
MITZENMACHER [Mit96] also included a simpler proof of the fact that the max-
imum load is O(T{golg(g_n)' He also obtains some results for the case m < n/logn.
For the case m > nlogn it was well known that the maximum load of any bin
is ©(2), i.e. of the order of the mean. However, the precise deviation from the
mean seems not to have been studied before.

We note that for the online load balancing also different models of balls into
bin games have been studied. We note in particular the approach of AZAR et
al. [ABKU92]. They study the following model: each ball picks d bins uniformly
at random and places itself in those bin containing fewest balls. For the case
m = n [ABKU92] showed that in this model the maximum load of any bin drops
exponentially from lolgoﬁ;)gn (I1+0(1)) to %(1 +0(1)). Compare also CZUMAJ
and STEMANN [CS97] for more results in this direction.

1.2 Our results

In this paper we apply the first and second moment method, a well-known tool
within the theory of random graphs, cf. e.g. [Bol85], to obtain a straightforward
proof of the fact that the maximum number of balls in a bin is %golgog—n(l +0o(1))
for m = n with probability 1 — o(1).

Besides being a lot more elementary than GONNET’s proof method the big advan-
tage of our method is that it also easily generalizes to the case where m # n balls
are placed into n bins In particular, this allows to also analyze the case m > n,
which can neither be handled by GONNET’s approach nor by MITZENMACHER’s.
(Both are based on approximating the Binomial distribution B(m, 1) by a Pois-
son distribution, which only gives tight bounds if m - % is a constant.) The
case m > n is particularly important for the load-balancing scenario mentioned
above. Here it e.g. measures how the unsymmetry between different servers grows
over time when more and more requests arrive.

Our results are summarized in the following theorem:
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Theorem 1. Let M be the random variable that counts the mazimum number
of balls in any bin, if we throw m balls independently and uniformly at random
into n bins. Then Pr[M > ko] = o(1) if « > 1 and Pr[M > k,] = 1 — o(1) if
0 < a<1, where

(2) nlogn
logn log'™) =—=— : n
nlogn (]- +a nlogn ’ if polylog(n) <m < nlogn,

log —; log —>—
(de — 1+ «)logn, if m = c-nlogn for some constant c,
ko = =+ ay/27 logn, if nlogn < m < n - polylog(n),

T+ \/’"— (1-22n). ifm>n- (logn)®.

Here d. denotes a suitable constant depending only on ¢, cf. the proof of
Lemma 3.

The paper is organized as follows: in § 2 we give a brief overview of the first
and second moment method, in § 3 we show how to apply this method within
the balls-into-bins scenario and obtain in § 4 the %g?lgog—n(l + o(1)) bound for
m = n. In § 5 we then present some more general tail bounds for Binomial
random variables and combine them with the first and second moment method

to obtain a proof of Theorem 1.

1.3 Notations

Throughout this paper m denotes the number of balls and n the number of bins.
The probability that a ball is thrown into a fixed bin is given by p := 1/n. We
define g by ¢ := 1 — p. We shall denote the iterated log by log('), i€ log(l) T =
log x and log(kH) x = log(log(k) x) for all k > 1. In this paper logarithms are to
the base e.

Asymptotic notations (O (+), o(-) and w(-)) are always with respect to n; f < g
means f = o(g) and f > ¢g means f = w(g). We use the term polylog(z) to
denote the class of functions |J,~, O ((logz)¥). We say that an event £ occurs
with high probability if Pr[£] =1 — o(1).

2 The first and second moment method

Let X be a non-negative random variable. Then MARKOV’s inequality implies
that Pr[X > 1] < E[X]. Hence, we have

E[X]=0(1) = Pr(X =0l =1-o0(1). (1)
Furthermore, CHEBYSHEV’s inequality implies that

e e Var[X]  E[X?] _
PriX¥ =0l < PriX —ERX][ > BN < g = moge b
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Hence, in order to show that Pr[X = 0] = o(1) we just have to verify that
E[X?] = (1+o(1))(E[X])*. (2)

While it is often quite tedious to verify (2), it is relatively easy if we can write X
as the sum of (not necessarily independent) 0-1 variables X, ..., X,, that satisfy

E[X;]=E[X1] and E[X:X;]<(1+oD)([E[X1])® VI<i<j<n. (3)

Then

E[X?]=E (ix) =E Zﬁ+2xixj < E[X]+(1+0(1))(E[X])?

-x; 7
and we can combine (1) and (2) to obtain

1-o(1), if E[X]=o0(1),

o(1), if E[X] — oo. ()

Pr[XZO]:{

This is the form which we will use for the analysis of the balls and bins scenario.

3 Setup for the analysis

Let Y; = Y;(m,n) be the random variable which counts the number of balls in the
ith bin if we throw m balls independently and uniformly at random into n bins.
Clearly, Y; is a binomially distributed random variable: we express this fact by
writing Y; ~ B(m,1/n) respectively Pr[Y; = k] = b(k;m,1/n) := (7)(1)k(1 -
Lym=k TLet X; = X;(m,n, ) be the random variable, which indicates if Y; is at
least kq = ko(m,n) (the function from Theorem 1) and let X = X (m,n,a) be
the sum over all X;’s, i.e.:

n
— _ 1L i Y > ke,
X'_Z;X’ and X := {0, otherwise.
1=

Clearly,
E[X;] =Pr[B(m,1/n) > k4] foralli=1,...,n,
and

E[X]=n-Pr[B(m,1/n) > k,]. (5)

In order to apply (4) we therefore need good bounds for the tail of the binomial
distribution. Before we obtain these for the general case of all m = m(n) we
consider the special case m = n.
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4 The case m =n
The aim of this section is to present a self contained proof of the fact that if

m = n the maximum number of balls in a bin is %gé?—n(l + o(1)) with high
probability. We will do this by showing that

1-0(1), if0 1
Pr |3 at least one bin with > 28" balls} = o(b), ' Sesh (6)
log™™ n o(1), if > 1.

Note that the claim of equation (6) is slightly weaker than the corresponding
one from Theorem 1. We consider this case first, as here the calculations stay
slightly simpler. So, in the rest of this section we let k, := a%;’(gz)”—n.

Recall from § 2 that in order to do this we only have to show that condition (3)
is satisfied for the random variables X; introduced in the previous section and
that

o0, If0<a<l,

0, ifa>1.

(7)

') = Plog®p

E[X]=n-Pr|B(n 1)>aM]—>{

The fact that E[X;] = E[X4] for all 1 < i < n follows immediately from the
definition of the X;’s. The proof of the second part of (3) is deferred to the end
of this section. Instead we start with the verification of (7). For that we prove a
small lemma on the binomial distribution. We state it in a slightly more general
form then necessary, as this version will be helpful later-on.

Lemma 1. Let p = p(m) depend on m. Then for all h > 1
Pr[B(m,p) > mp+ h| = (1 +0 (%)) -b(mp + h;m, p).

Proof. Observe that for all £ > mp + h:

bk +Lmp)  (m—kp _ (A=—pm—hp _ |
b(k;m, p) (k+1)(1=p) =~ (mp+h+1)(1-p)

One easily checks that A < 1 for A > 1. Thus

k>mp+h i>0

As ﬁ <1+ % the claim of the lemma follows. O
We apply Lemma 1 for “m” = n, “p” = % and “mp+ h” = k,. Subsequently,
we use STIRLING’s formula ! = (1 + o(1))v/2rze~ %2z to estimate the binomial
coefficient. Together we obtain:

E[X]=n-Pr[B(n1) > k)] = n-(1+0(1) - blkain, )
:n-(1+o(1))<k">
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—n ealol;’é)"" ~(1—10g a—log® n+log® n+0(1))

1—a+o(1)
)

=N

which implies the statement of equation (7).

To complete the proof for the case m = n we still have to verify that E [X;X;] <
(1 + o(1))(E[X1])? for all i # j. In order to keep the proof elementary we shall
proceed similarly as in the proof of Lemma 1. A more elegant version can be
found in § 5.

n—~kq —k1y n n— kl l k1+ko 1 B g n—(k1+k2)
kl k‘g n n
k1=ka ko=ka N——_——

1 2 N,
<(i) <(1-%)?
n n n n 1 k1+ko 1 2n—2(k1+k2)
= ki) \k2) \n T
ki=ko kazmke T 2/ \It "

2

AN
| —
=
™
2
S
S
N\
—
|
S
N——
-
Q
[~]e
>

where A is defined as A = WWatlim)(0=w™ Agy — (1) and b(ka;n, L) =

b(kain, ) (1—1)katT 'n

(14 o(1))E[X1] (cf. Lemma 1) this concludes the proof of (6).

5 The general case

For the proof of Theorem 1 we will follow the same pattern as in the proof
of the previous section. The main difference is that in various parts we need
better bounds. We start by collecting some bounds on the tails of the binomial
distribution.

5.1 Tails of the binomial distribution

The binomial distribution is very well studied. In particular it is well-known that
the binomial distribution B(m,p) tends to the normal distribution if 0 < p < 1
is a fixed constant and m tends to infinity. If on the other hand p = p(m)
depends on m in such a way that mp converges to a constant A for m tending
to infinity, then the corresponding binomial distribution B(m,p) tends to the
Poisson distribution with parameter A. For these two extreme cases also very
good bounds on the tail of the binomial distributions are known. In the context
of our “balls and bins” scenario, however, we are interested in the whole spectrum
of values p = p(m).
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In this section we collect some bounds on the tails of the binomial distribution
which are tailored to the proof of Theorem 1.

For values of p(m) such that mp tends to infinity one can analyze the
proof of the theorem of DEMOIVRE-LAPLACE to get asymptotic formulas for
Pr [B(m,p) > mp + h] for all values h that are not “too* large:

Theorem 2 (DeMoivre-Laplace). Assume 0 < p < 1 depends on n such
that pgm = p(1 — p)m — oo for m — oo. If 0 < h = z(pgm)'/? = o((pgm)?/?)
and x — oo then

1 2

Pr[B(m,p) > mp+ h] = (1 +0(1)) - " 27r677.

For an explicit proof of this version of the DEMOIVRE-LAPLACE Theorem see
e.g. [Bol85].

The probability that a binomial distributed random variable B(m,p) obtains
a value of size at least mp(1 + €) for some constant ¢ > 0 is usually estimated
using the so-called CHERNOFF bounds. Recall, however, that CHERNOFF bounds
provide only an upper bound.

With the help of Lemma 1 in the previous section we are now in the position to
prove the tail bounds for those special cases of the binomial distribution which
we will need further-on.

Lemma 2. a) Ifmp+1<t< (logm)’, for some positive constant {, then

Pr[B(m,p) > t] = et(e8 mp=logt+1)—mp+O(log™ m)

b) Ift=mp+o ((pqm)%) and x 1= f/;qin’; tends to infinity, then

Pr[B(m,p) > ] = e~ F —lose—}log2mto(1)

Proof. a) Using STIRLING’s formula z! = (1 + o(1))v/27ze *2® we obtain:

b(t;m,p) = (1+0(1)) \/% (?)t (1 + tn:nf>mt .

Together with Lemma 1 we thus get for logPr[B(m,p) > t] the following ex-
pression:

log (1+O (%)) +t(logmp — logt + 1) —mp — %L + O ((t;nrf’t’)z) -0(1)

(t_mp)z . . . .
The term O (~—=7~) gets arbitrarily small if mp < t = o(y/m) because

(t;"z’t’)z < m(1£2o(1)) = o(1). By assumption mp + 1 < (logm)’. That is,

log (1 + O (mp)) = O (loglogm).
b) This case is simply a reformulation of the DEMOIVRE-LAPLACE theorem.O
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5.2 Proof of Theorem 1

We follow the setup outlined in § 2. That is, we only have to show that the
variables X; satisfy condition (3) and that the expectation of X = Y X; tends
either to infinity or to zero depending on the fact whether « is smaller or greater
than 1. We start with the later.

Lemma 3. Let k., be defined as in Theorem 1. Then

0, if0<a<l,

logE [X] —
ogE[X] {—oo, if a>1,

for all values m = m(n) > n/polylog(n).

Proof. The case ——H—— < m < nlogn.
polylog(n)
We first note that it suffices to consider non-negative a’s. Assume that m =

nlogn

“EE where g = g(n) tends to infinity arbitrarily slowly and g(n) < polylog(n).

Then .
2
ko = log n 1+Oélog g ‘
log g log g
From equation (5) and Lemma 2 case a) (we leave it to the reader to verify that
this case may be applied) it follows that

logE [X] =logn + ks (log(2) n —logg —logk, + 1) _ logn +0 (log(2) m)
g

1 log(?)
— o8 (logg+ <1+a %8 9 (l—logg+10g(2)g)+o(1)
logg log g

logn - log(z) g
log g

=(1-a+o(1))

)

which yields the desired result.

The case m = c¢-nlogn.
Let ky := (d. — 1 4+ «). By Lemma 2 we get:

logE[X]=logn (14 (d. — 1+ ) (loge —log(d. =1+ a) +1) —c+o0o(1)).

As a consequence, for a = 1 log E[X] is exactly then o(logn) when d. is a
solution of
fe(z) =14z (logc—logx +1) —c=0.

For all ¢ > 0 this equation admits exactly two real zeros x1, x2. One of these
solutions is smaller than ¢ and is therefore not the one we are looking for. That
is, we define d. as the (unique) solution of f.(z) = 0 that is greater than c. In
the neighborhood of the solutions x; and z», f.(z) changes its sign. This means
that for d. — 14« for a given a > 1, log E [ X] tends to —oco, whereas for d. — 1+«
for an 0 < a < 1, log E[X] tends to oo.
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The case nlogn < m < n - polylog(n).
Assume that m = gnlogn where g = g(n) < polylog(n) tends to infinity arbi-

trarily slowly. Then
2
ko =glogn (1 —f—a\/j) .
9

From Lemma 2 case a) it follows that

logE[X] =logn + kq (logg + log(2) n —logkq + 1) —glogn+ 0O (log(z) n)

v (B (oo o2 ()
=logn (1 —a®+0(1)).

One easily to checks, that we didn’t hurt the conditions of Lemma 2.

The case m > n(logn)3.
For this case we shall use the theorem of DEMOIVRE-LAPLACE. Recall that in
this case

m 2mlogn <l_llog(2)n>

ko = —
« n+ n a 2logn

Using the notations of Lemma 2 case b) we set

ko — 1 log® 1
gi= o TP _ 2logn 1- - %" 1+ .
/Pqm 2a logn n—1

Applying DEMOIVRE-LAPLACE we obtain:

2
logE[X] =logn — % —logx —log V27 + 0o(1)

1 1

We still need to check that we didn’t2 violate the conditions of DEMOIVRE—

LAPLACE, i.e. that ko — 2 =0 ((pqm)g), but this is true if 1t = w (log” n).
O

In order to show that the variables X; satisfy the second part of condition (3)
(note that the first part is trivially true) we start with two simple lemmas.

Lemma 4. Let p < 1 and m be such that p>m = o(1). Then

Pr [B(m(l —-p),t55) 2t < (1+0(1)) Pr[B(m,p) > {] for all0 <t <m.
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Proof. We will show that for all 1 < ¢ < m we have b(t;m(1 — p), l%p) <1+
0(1))b(t; m, p). Clearly, this then completes the proof of the lemma. So consider
an arbitrary, but fixed 1 <t < m. For t > m(1—p) we have b(t;m(1—p), ) =0

»I—p
so we might as well assume that ¢ < m(1 — p). Then

b(t;m(l—p%%) _ (m(lt—p)> . (%)t' (1_ %>m(1p)t

< e2p2m

=b(t;m,p) - (1 +0(1)).
O
Lemma 5. Let p = o(1) and m,t be such that x := —~A="L__ satisfies x — 00,

Vmp(1-p)
z = o((mp(1 — p))'/%) and xp = o(1). Then

Pr [B(m(1 - p), 125) > t] < (1+0(1)Pr [B(m,p) > 1].

Proof. Observe that the assumptions of the lemma are such that we may apply
case b) of Lemma 2 to compute Pr[B(m,p) > t]. Observe furthermore that we

may also apply this case of Lemma 2 to bound Pr [B(m(l -p), l%p) > t}, as
here the corresponding z-value is

_ t—m(l—p)-l’%p t—mp 1-p p?
T = = . > = ° 1+1 o
Yt =p) -2 (=) Vme(=p) Y 1=15 -

Together we deduce

Pr {B(m(l —p),—L ) > 4| = e~ F O+ aEm)—los =L log(1+ tEz)~ F log 2m+o(1)
1—-p —

= Pr[B(m,p) > ] '670(p2z2)70(p2)+0(1)
= Pr[B(m,p) > f] - (1 + o(1)).
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Corollary 1. Let m = m(n) and p = % be such that m > logn, and let k,
denote the value from Theorem 1. Then

Pr |B(m(1 - p), 1% p)>k < (1 +0(1)) Pr[B(m,p) > ks].

Proof. One easily checks that for all m = o(n?) Lemma 4 applies and that for
all m > n(logn)® Lemma 5 applies. |

Lemma 6. Let Xy,...,X,, be defined as in § 3. Then for all1<i<j<mn
E[X;X;] < (1+0(1)) - (E[X1])*.
Proof. Using the notation from § 3 we have

BLX;

Pr[YV; > ko AYj > kol

Xj] =
= 2 ZL) (m k1>pkl+k2 (1—2p)™ Fr ke
1
+’02S
g S
m—kq m\ g, _— m—ki m—k » ko . ) m—ky —ks
B k1 p p ' Z ks (ﬂ) ( —ﬁ)

ki=ka > ko=ka
m—kq

m
a (’ﬁ)

As k1 > k, > mp we observe that

(1-p)
PP =g Pr[Bln — k. 2) 2 k]

Pr [B(m—kl,ﬁ) Zka] < Pr [B(mu p) ) > k ]
= (1+o0(1)) - Pr[B(m,p) > ka],

where the last equality follows from Corollary 1. Hence,

m—~kq
E[X:X;]= ) (Z)P’“(l—p)m’“ (1+0(1)) - Pr[B(m,p) > ka]
ki1=kqo
m—~kaq m
= (1+0(1))-Pr[B(m,p) > ko] - > (k1>p’“1(1—p)’”"“1
fzha .

~~

< Pr[B(m,p)>ka]
< (1+0(1) - (Pr[B(m,p) > ka])*.

As Pr[B(m,p) > ko] = E[X1], this completes the proof of the lemma. O
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6 Conclusion

In this paper we derived an asymptotic formula for the maximum number of
balls in any bin, if m = m(n) balls are thrown randomly into n bins, for all
values of m > n/polylog(n). Our proof is based on the so-called first and second
moment.

The result for m = n was well-known before. However, our method gave a much
simpler proof compared to those which were previously available in the literature.
To the best of our knowledge the result for the case m > n is new. In our opinion
it is a challenging open problem to study the behavior of the modified balls into
bins scenario as introduced in [ABKU92] for the case m > n as well. Intensive
computational experiments seem to indicate that in this case the difference of
the maximum load in any bin from the mean m/n should be independent of m.
We intend to settle this problem in a forthcoming paper.
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Abstract. We introduce Tornado codes, a new class of erasure codes.
These randomized codes have linear-time encoding and decoding algo-
rithms. They can be used to transmit over lossy channels at rates ex-
tremely close to capacity. The encoding and decoding algorithms for
Tornado codes are both simple and faster by orders of magnitude than
the best software implementations of standard erasure codes. We expect
Tornado codes will be extremely useful for applications such as reliable
distribution of bulk data, including software distribution, video distribu-
tion, news and financials distribution, popular web site access, database
replication, and military communications.

Despite the simplicity of Tornado codes, their design and analysis are
mathematically interesting. The design requires the careful choice of a
random irregular bipartite graph, where the structure of the irregular
graph is extremely important. We model the progress of the decoding
algorithm by a simple AND-OR tree analysis which immediately gives
rise to a polynomial in one variable with coefficients determined by the
graph structure. Based on these polynomials, we design a graph structure
that guarantees successful decoding with high probability.
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Abstract. Redundancy has been utilized to achieve fault tolerant com-
putation and to achieve reliable communication in networks of proces-
sors. These techniques can only be extended to computations solely based
on functions in one input in which redundant hardware or software
(servers) are used to compute intermediate and end results. However,
almost all practical computation systems consist of components which
are based on computations with multiple inputs. Wang, Desmedt, and
Burmester have used AND/OR graphs to model this scenario. Roughly
speaking, an AND/OR graph is a directed graph with two types of ver-
tices, labeled A-vertices and V-vertices. In this case, processors which
need all their inputs in order to operate could be represented by A-
vertices, whereas processors which can choose one of their “redundant”
inputs could be represented by V-vertices. In this paper, using the results
for hardness of approximation and optimization problems, we will design
dependable computation systems which could defeat as many malicious
faults as possible. Specifically, assuming certain approximation hardness
result, we will construct k-connected AND/OR graphs which could de-
feat a ck-active adversary (therefore a ck-passive adversary also) where
¢ > 1 is any given constant. This result improves a great deal on the
results for the equivalent communication problems.

1 Introduction

Redundancy has been utilized to achieve reliability, for example to achieve fault
tolerant computation and to achieve reliable communication in networks of pro-
cessors. One of the primary objectives of a redundant computation system is
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as necessarily representing the official policies or endorsements, either expressed or
implied, of the Defense Advance Research Projects Agency (DARPA), the Air Force,
of the US Government.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'98, LNCS 1518, pp. 172-186, 1998.
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to tolerate as many faults (accidental or malicious) as possible. Hence, one of
the crucial requirements in designing redundant computation systems is to use
the least resources (redundancy) to achieve dependable computation against the
most powerful adversaries. It has been proven (see, e.g., Hadzilacos [15], Dolev
[10], Dolev, Dwork, Waarts, and Yung [11], and Beimel and Franklin [4]) that
in the presence of a k-passive adversary (respectively k-active adversary) the
processors in a network can communicate reliably if and only if the network is
k + 1-connected (respectively 2k + 1-connected).

All these works mentioned above assume processors with one type of input,
while in practice it is often the case that processors need more than one type of
inputs. For example, for the national traffic control system, we need data from the
aviation, rail, highway, and aquatic vehicles, conduits, and support systems by
which people and goods are moved from a point-of-origin to a destination point in
order to support and complete matters of commerce, government operations, and
personal affairs. In addition, each component of the traffic control system is again
a system consisting of computations with multiple inputs, e.g., the processors of
the aviation control system need data from several sources such as the airplane’s
speed, current position, etc., to determine the airplane’s next position. Wang,
Desmedt, and Burmester [22] have used AND/OR graphs to model this scenario.
Originally AND/OR graphs have been used in the context of artificial intelligence
to model problem solving processes (see [17]). Roughly speaking, an AND/OR
graph is a directed graph with two types of vertices, labeled A-vertices and V-
vertices. The graph must have at least one input (source) vertex and one output
(sink) vertex. In this case, processors which need all their inputs in order to
operate could be represented by A-vertices, whereas processors which can choose
(using some kind of voting procedure) one of their “redundant” inputs could be
represented by V-vertices. A solution graph, which describes a valid computation
of the system, is a minimal subgraph of an AND/OR graph with the following
properties: If an A-vertex is in the solution graph then all of its incoming edges
(and incident vertices) belong to the solution graph; If an V-vertex is in the
solution graph then exactly one of its incoming edges (and the incident vertex)
belongs to the solution graph. Wang, Desmedt, and Burmester [22] showed that
it is NP-hard to find vertex disjoint solution graphs in an AND/OR graph
(though there is a polynomial time algorithm for finding vertex disjoint paths
in networks of processors with one type of inputs). This result shows that in
order to achieve dependable computation, the computation systems (networks
of processors) must be designed in such a way that it is easy for the honest
stations/agents to find the redundant information in the systems. A similar
analysis as for the case of networks of processors with one type of inputs shows
that in the presence of a k-passive adversary (respectively k-active adversary)
the computation system modeled by an AND/OR graph is dependable if and
only if the underlying graph (that is, the AND/OR graph) is k + 1-connected
(respectively 2k+1-connected) and both the input vertices and the output vertex
know the set of vertex disjoint solution graphs in the AND/OR graph. Later in
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this paper, we will use Gy to denote AND/OR graphs and G to denote standard
undirected graphs unless specified otherwise.

What happens if we want to tolerate more powerful adversaries? Adding more
channel is costly, so we suggest a simpler solution: designing the AND/OR graph
in such a way that it is hard for the adversary to find a vertex separator of the
maximum set of vertex disjoint solution graphs (that is, find at least one vertex
on each solution graph in the maximum set of vertex disjoint solution graphs),
whence the adversary does not know which processors to block (or control). In
order to achieve this purpose, we need some stronger results for approximation
and optimization problems. There have been many results (see, e.g., [1,21] for a
survey) for hardness of approximating an NP-hard optimization problem within
a factor ¢ from “below”. For example, it is hard to compute an independent set!
V' of a graph G(V, E) (note that here G is a graph in the standard sense instead
of being an AND/OR graph) with the property that [V'| > £ for some given
factor ¢, where k is the size of the maximum independent set of G. But for our
problem, we are more concerned with approximating an NP-hard optimization
problem from “above”. For example, given a graph G(V, E), how hard is it to
compute a vertex set V' of G with |V'| < ¢k such that V' contains an optimal
independent set of G, where k is the size of the optimal independent set of G?
We show that this kind of approximation problem is also NP-hard. Then we
will use this result to design dependable computation systems such that with &
redundant computation paths we can achieve dependable computation against a
ck-active (Byzantine style) adversary (therefore against a ck-passive adversary
also), where ¢ > 1 is any given constant. This result improves a great deal on the
equivalent communication problems (see our discussion on related works below).

The organization of this paper is as follows. We first prove in Section 2 the
following result: For any given constant ¢ > 1, it is NP-hard to compute a
vertex set V' of a given graph G(V, E) with the properties that |V'| < ck and
V' contains an optimal independent set of G(V, E), where k is the size of the
optimal independent set of G(V, E). Section 3 surveys a model for fault tolerant
computation and describes the general threats to dependable computation sys-
tems. In Section 4 we demonstrate how to use AND/OR graphs with trap-doors
to achieve dependable computation against passive (and active) adversaries. In
Section 5 we outline an approach to build AND/OR graphs with trap-doors. We
conclude in Section 6 with remarks towards practical solutions and we present
some open problems.

Related work

Achieving processor cooperation in the presence of faults is a major problem in
distributed systems. Popular paradigms such as Byzantine agreement have been
studied extensively. Dolev [10] (see also, Dolev, Dwork, Waarts, and Yung [11])
showed that a necessary condition for achieving Byzantine agreement is that the

! An independent set in a graph G(V, E) is a subset V' of V such that no two vertices
in V' are joined by an edge in E.
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number of faulty processors in the system is less than one-half of the connectivity
of the system’s network (note that in order to achieve Byzantine agreement, one
also needs that n > 3k where n is the number of processors in the network
and k is the number of faulty processors). Hadzilacos [15] has shown that even
in the absence of malicious failures connectivity k& + 1 is required to achieve
agreement in the presence of k faulty processors. Beimel and Franklin [4] have
shown that if authentication techniques are used, then Byzantine agreement is
achievable only if the graph of the underlying network is k + 1 connected and the
union of the authentication graph and the graph of the underlying network is
2k + 1 connected in the presence of k faulty processors. All these works assume
processors with one type of inputs. Recently, Wang, Desmedt, and Burmester [22]
have considered the problem of dependable computation with multiple inputs,
that is, they considered the networks of processors where processors may have
more than one type of inputs. While there is a polynomial time algorithm for
finding vertex disjoint paths in networks of processors with one type of inputs,
Wang, Desmedt, and Burmester’s work shows that the equivalent problem in
computation with multiple inputs is NP-hard.

Approximating an NP-hard optimization problem within a factor of 1 + &
means to compute solutions whose “cost” is within a multiplicative factor 1+4¢ of
the cost of the optimal solution. Such solution would suffice in practice, if € were
close enough to 0. The question of approximability started receiving attention
soon after NP-completeness was discovered [14,20] (see [14] for a discussion).
The most successful attempt was due to Papadimitriou and Yannakakis [18], who
proved that MAX-3SAT (a problem defined by them) is complete for MAX-SNP
(a complexity class defined by them), in other words, any approximability result
for MAX-3SAT transfers automatically to a host of other problems. Among other
results, they have shown that there is a constant € > 0 such that it is NP-hard
to compute a ﬁ size independent set of a given graph G, where k is the size
of the maximum independent set of G. The results in [18] have been improved
by many other authors, especially, after the emergence of the PCP theorem [2,
3], that is, PCP(logn,1) = NP (for a survey, see, e.g., [1,21]). For example,
Arora, Lund, Motwani, Sudan, and Szegedy have shown that it is NP-hard to
n®-approximate an independent set for some § > 0. However, all these results are
related to approximating the independent set from “below”, that is, to compute
an independence set whose size is smaller than the optimal independent set.
We will show that it is easy to convert these results to the results of hardness of
approximating an independent set from “above” instead of from “below” as done
in [1,21], that is, it is hard to delete some vertices from a given graph such that
the resulting graph contains an optimal independent set of the original graph.

2 Optimization and approximation

In this section we present some graph theoretic results which will be used in later
sections. First we remind the reader of the graphs defined in the transformation
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from 3SAT to Vertex Cover? in Garey and Johnson [14, pp. 54-56] and we give
such kind of graphs a special name.

Definition 1. Letn and m be two positive integers. A graph G(V, E) is called an
n+ m-SAT-graph if there are n+m subgraphs L1 (Vy,, Er,), - .., Lo(VL,, EL,),
T, (Vr,, Er,), .., T;(Vr,,, ET,)) of G with the following properties:

1L V= (U?=1VL1-) U (U?leTi)'

2. For each i < n, |Vi,| = 2 and EL, consists of the one edge connecting the
two vertices in Vi, .

3. For each it < m, T; is a triangle, which is isomorphic to the undirected graph
T = (V, Er) where Vp = {v1,v2,v3} and Er = {(v1,v2), (v2,v3), (v3,v1)}.

4. There is a function f : (U2, Vr,) = (UL, VL,) such that the edge set of G is
E= (UznzlELi) U (U?LIETI') u {(U) f(U)) ‘v e U?LIVTi}'

The following results are straightforward from the definitions.
Lemma 1. Given an n +m-SAT-graph G(V, E), the following conditions hold.

1. The size of an independent set of G is at most n + m.
2. The size of a vertex cover of G is at least n + 2m.

The following result is proved in [14, pp. 54-56].

Lemma 2. (see [1{]) Given a 3SAT formula C with n variables and m clauses,
there is an n + m-SAT-graph G(V, E) with the following properties:

1. C is satisfiable if and only if there is an independent set of size n + m in
G(V,E).
2. C is satisfiable if and only if there is vertex cover of size n+2m in G(V, E).

Corollary 1. It is NP-hard to decide whether there is an independent set of
size n +m in an n + m-SAT-graph.

In addition to the problem of deciding whether an n + m-SAT-graph has an
independent set of size n + m, we are also interested in the following approxi-
mation problem: for some constant £ > 0 and each n + m-SAT-graph G, can we
compute in polynomial time an independent set of size k/(1+¢) in G, where k is
the size of the maximum independent set of G? Papadimitriou and Yannakakis
[18] (see also, [13,2]) have proved the following result (note that their original
result is for general graphs though their proof is for n + m-SAT-graphs).

Definition 2. For a rational number ¢ > 0, an algorithm is said to compute
(14 g)-approximation to the mazimum independent set if given any graph G its
output is an independent set of G with size at least k/(1+ ) where k is the size
of the mazimum independent set of G.

2 A vertex cover of a graph G(V, E) is a subset V' of V such that every edge in E is
incident to a vertex in V.
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Theorem 1. (see [18,13]) There is a constant € > 0 such that approzimating
an independent set of an n + m-SAT-graph G(V, E) within a factor 1 + ¢ is
NP-hard.

Arora, Lund, Motwani, Sudan, and Szegedy [2] have proved the following
stronger result.

Theorem 2. (see [2]) There is a constant 6 > 0 such that approzimating an
independent set of a graph G within a factor n® is NP-hard, where n is the
number of vertices in G.

Note that Theorem 2 is only for general graphs. The following variants of
Theorems 1 and 2 are useful for our discussions.

Theorem 3. (see [18,13]) There is a constant € > 0 and a polynomial time
algorithm to construct for each 3SAT clause C' an n + m-SAT-graph G with the
following properties:

1. If C is satisfiable, then G has an independent set of size n + m.
2. If C is not satisfiable, then k < 73':_’8”, where k is the size of the mazimum
independent set in G.

Proof. It follows from the proof of Theorem 1. O

Theorem 4. (see [2,5]) There is a constant 6 > 0 and a series of pairs of
positive integers (s1,c1), (S2,¢2),... such that 2—: > nd for large enough n and
from each 8SAT clause C we can construct in a polynomial time a graph G with
the following properties:

1. If C is satisfiable, then k > ¢y, where k is the size of the maximum indepen-
dent set in G and n is the number of vertices in G.

2. If C' is not satisfiable, then k < s,, where k is the size of the maximum
independent set in G and n is the number of vertices in G.

Proof. It follows from the proof of Theorem 2. O

Given a graph G(V, E), an edge set E' C FE is said to be independence eligible
if there is an independent set V' = {u : there is a v € V such that the unordered
pair (u,v) € E'} of size |E'| in G. Note that given an independence eligible
edge set E', it is easy to compute an independent set of size |E’| (by a standard
algorithm of computing a satisfying assignment of a 2SAT formula).

Theorem 5. Lete be the constant in Theorem 3. Then it is NP-hard to compute
an edge set E' of a given n + m-SAT-graph G with the following properties:

1. |E'| < (1 4+ ¢)k, where k is the size of a mazimum independent set of G.
2. E' contains an independence eligible edge set E'" such that |[E"| = k.

Proof. Tt follows from Theorem 3. O
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Theorem 6. There is a constant € > 0 such that it is NP-hard to compute an
edge set E' C E of a graph G(V, E), with the following properties:

1. |E'| < kn®, where k is the size of the mazimum independent set of G and
n=|V|.

2. E' contains an independence eligible edge set E" such that |E"| > %

Proof. Let sy,c, and 6 be the constants in Theorem 4. And let ¢ = %. We
reduce the NP-complete problem 3SAT to the problem of this Theorem. For
each 3SAT formula C, construct a graph G(V, E) satisfying the conditions of
Theorem 4. Let E' be an edge set satisfying the conditions of the Theorem.
Then it suffices to show that if |[E'| > S then k > ¢, (therefore C' is satisfiable)
else k < s, (therefore C' is not satisfiable). If |E'| > % then, by the condition
that |E'| < kn®, we have 9 < kn®. That is,

Cn Cn

Whence k > ¢,. Otherwise |E'| < %, and
k c
—<|E"|<|E'|< 2.
b <iE < G

That is, k < ¢,,. Whence k < s,,. a

Corollary 2. There is a constant € > 0 such that it is NP-hard to compute a
vertex set V' CV of a graph G(V, E) with the following properties:

1. |V'| < kn®, where k is the size of the mazimum independent set of G and
n=1V]|.
2. V' contains an independent set V"' of G(V, E) such that |V"| > %

3 General threats and models for dependable
computations

General threats A simple attack to defend against is of a restricted adversary
(called passive adversary) who is allowed only to monitor communication chan-
nels and to jam (denial of service) several processors in the computation system,
but is not allowed to infiltrate/monitor the internal contents of any processor
of the computation system. Of course, a more realistic adversary is the active
adversary (Byzantine faults) that can monitor all communication between pro-
cessors and which in addition is also trying to infiltrate the internal contents of
several processors.

A passive adversary with the power of jamming up to k processors is called a
k-passive adversary. An active adversary (Byzantine faults) may mount a more
sophisticated attack, where he manages to comprise the security of several inter-
nal processors of the system, whereby he is now not only capable of monitoring
the external traffic pattern and capable of jamming several processors but is also
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capable of examining and modifying every message and data (that is, creating
bogus messages and data) which passes through (or stored at) these infiltrated
processors. Thus, we define a k-active adversary, an adversary that can monitor
all the communication lines between processors and also manages to examine
and to modify the internal contents of up to k processors of the system. (Similar
definitions were considered in the literature, see, for example [7,8,12,19] and
references therein).

Achieving processor cooperation in the presence of faults is a major prob-
lem in distributed systems, and has been studied extensively (see, e.g, [4,10,
11,15]). All these works assume processors with one type of inputs. Recently,
Wang, Desmedt, and Burmester [22] have considered the problem of dependable
computation with multiple inputs, that is, they considered the networks of pro-
cessors where processors may have more than one type of inputs. While there is
a polynomial time algorithm for finding vertex disjoint paths in networks of pro-
cessors with one type of inputs, Wang, Desmedt, and Burmester’s work shows
that the equivalent problem in computation with multiple inputs is NP-hard.
In this paper, we will consider redundant computation systems with multiple
inputs which can be modeled by AND/OR graphs which we now briefly survey.

Definition 3. (see [22]) An AND/OR graph Gav(Va, Vi, INPUT, output; E)
is a directed graph with a set Vx of A-vertices, a set Vi, of V-vertices, a set
INPUT of input vertices, an output vertex output € V,, and a set of directed
edges E. The vertices without incoming edge are input vertices and the vertex
without outgoing edge is the output vertex.

It should be noted that the above definition of AND/OR graphs is different
from the standard definition in artificial intelligence (see, e.g., [17]), in that the
directions of the edges are opposite. The reason is that we want to use the
AND/OR graphs to model redundant computation systems.

Assume that we use the AND/OR graph to model a fault tolerant compu-
tation. So, information (for example, mobile codes) must flow from the input
vertices to the output vertex. And a valid computation in an AND/OR graph
can be described by a solution graph (the exact definition will be given below).
However, if insider vertices may be faulty or even malicious, then the output ver-
tex cannot trust that the result is authentic or correct. Firstly we assume that
there is only one k-passive adversary at any specific time. The theory of fault
tolerant computation (see, Hadzilacos [15]), trivially adapted to the AND/OR
graph model, tells us that if there are k+1 vertex disjoint paths (solution graphs)
of information flow in the AND/OR, graph then the vertex output will always
succeed in getting at least one copy of the results. Secondly we assume that there
is one k-active adversary at any specific time. Then the theory of fault tolerant
computation (see, e.g., Dolev [10], Dolev et al. [11], and Beimel and Franklin [4])
tells us that if there are 2k + 1 vertex disjoint paths (solution graphs) of informa-
tion flow in the AND/OR graph then the vertex output will always succeed in
getting at least k + 1 identical results computed from the input vertices through
vertex disjoint solution graphs, if output knows the layout of the graph. This
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implies that if output knows the layout of the graph then it can use a majority
vote to decide whether the result is correct or not. It follows that in order to
achieve dependable computation with redundancy, it is necessary to find a set
of vertex disjoint solution graphs in a given AND/OR graph.

Definition 4. (see [22]) Let Gay(Va, Vo, INPUT,output; E) be an AND/OR
graph. A solution graph P = (Vp, Ep) is a minimum subgraph of Gy satisfying
the following conditions.

output € Vp.

For each N-vertex v € Vp, all incoming edges of v in E belong to Ep.

For each V-vertex v € Vp, there is exactly one incoming edge of v in Ep.
There is a sequence of vertices vy, ...,v, € Vp such thatv, € INPUT,v,, =
output, and (v;—v;11) € Ep for each i < n.

oo~

Moreover, two solution graphs Pi and Py are vertex disjoint if (Vp, N Vp,) C
(INPUT U{output}). An AND/OR graph is called k-connected if the following
conditions are satisfied.

1. There are k vertex disjoint solution graphs in Gay .
2. There do not exist k + 1 vertex disjiont solution graphs in Gay.

In order for an adversary to attack the computation system, s/he does not
need to find all vertex disjoint solution graphs in an AND/OR graph. For a
passive adversary, s/he can choose to jam one vertex on each solution graph to
corrupt the system. An active adversary needs to find one half of the vertices of
a vertex separator (defined in the following).

Definition 5. Let Gay be a k-connected AND/OR graph, and P = {P;, ..., P}

be a mazimum set of vertex disjoint solution graphs in Gay. A set S = {vy,..., v}
of vertices in Gy is called a vertex separator of P if for each solution graph

P,eP(i=1,...,k), v; € Vp,.

Remark: The problem of finding a vertex separator in an AND/OR graph
is NP-hard which will be proved in Section 5.

The question we are addressing in this paper is how to design AND/OR
graphs with less vertex disjoint solution graphs to achieve dependable computa-
tion against more powerful passive or active adversaries.

4 Dependable computation with trap-doors

In this section, we show how to design dependable computation systems with
trap-doors such that the following condition is satisfied:

— The computation system modeled by a k-connected AND/OR graph is ro-
bust against a k'-active adversary (therefore robust against a k'-passive ad-
versary also) where k' < ¢k and ¢ > 1 is any given constant.
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The idea is to use the fact that it is NP-hard to approximate a vertex
separator of an AND/OR graph from “above” (see Section 2 for details about
approximating an NP-hard optimization problem from “above”). It follows that
if one designs the AND/OR graph in such a way that the trusted participants can
easily find vertex disjoint solution graphs in it (using some trap-doors), and the
input vertices always initiate a computation through all solution graphs in the
maximum set of vertex disjoint solution graphs, then dependable computation
is possible. The benefit from using trap-doors in a computation system with
multiple inputs is obvious. If we do not use trap-doors then, by extending the
conventional fault tolerant computation theory (see, e.g., [4,7,10,11,15]), a k-
connected AND/OR graph is only robust against k'-passive adversaries and only
robust against k”-active adversaries respectively, when k' < k and k" < g Since
if the adversary has the power to jam k vertices in the AND/OR graph and s/he
can find a vertex separator of size k, then s/he can jam all of the vertices in
the vertex separator and corrupt the system. Indeed, if the adversary has the
power to examine and modify messages and data in L%J + 1 processors, then the
adversary may let the |_§J +1 faulty processors create and send faulty messages to
the output processor claiming that they come from some bogus solution graphs.
This will convince the output vertex to accept the bogus message since the
majority messages are faulty. However, if we use trap-doors in the design of
AND/OR graphs, then with high probability, a k-connected AND/OR, graph
is robust against k'-active adversaries (therefore against k'-passive adversaries)
where k' < ck and ¢ > 1 is any given constant. The reason is that even though the
adversary has the power to jam or control ¥’ > k vertices in the AND/OR graph,
he does not know which vertices to corrupt, that is, the corrupted vertices (in
his control) will appear on at least half of the k vertex disjoint solution graphs.

So one of the main problems is to design AND/OR graphs in which it is
hard on the average case to approximate at least one half of a vertex separator
from “above”. In Section 5, we will outline an approach to generate such kind
of AND/OR graphs. In the remaining part of this section we will demonstrate
how to use these AND/OR graphs to achieve dependability.

Protocol 1

1. Alice generates a k-connected AND/OR graph G oy such that the graph Gy
can implement the desired computation and such that finding a ck size set of
vertices which contains at least one half of the elements of a vertex separator
is hard, where ¢ > 1 is any given constant. (The details will be presented in
Section 5).

2. Using a secure channel, Alice sends the input vertices the method of initiating
a computation and sends the output vertex a maximum set of vertex disjoint
solution graphs in G Ay .

3. In order to carry out one computation, Alice initiates the computation
through all solution graphs in the maximum set of vertex disjoint solution
graphs.
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4. When the output vertex gets all possible outputs, he compares the results
from the k vertex disjoint solution graphs (note that the output vertex knows
the maximum set of vertex disjoint solution graphs) and chooses the authen-
tic result using a majority vote.

Note that our above protocol is not secure against a dynamic adversary who
after observing one computation will change the vertices he controls. Indeed,
it is an interesting open problem to design protocols which are secure against
dynamic adversaries.

Now assume that Mallory is a k'-active adversary (or a k'-passive adversary)
where k' < ¢k for the constant ¢ > 1, and P = {P, ..., P;} is a maximum set of
vertex disjoint solution graphs in the AND/OR graph used in Protocol I. Since
Mallory does not know how to find a k' size set of vertices which contains at least
one half of the elements of a vertex separator for P (finding such a set is very
hard), she does not know which vertices to corrupt so that she can generate at
least [£] 41 bogus messages to convince the output vertex to accept (or so that
all these k solution graphs will be jammed), even though she has the power to
corrupt k' = ck vertices. It follows that the system is robust against a k'-active
adversary (therefore robust against a k'-passive adversary also) where k' < ck.

5 AND/OR graphs with trap-doors

In this section, we outline an approach for constructing AND/OR, graphs with
trap-doors. We first show that it is NP-hard to approximate at least half of the
elements of a vertex separator of an AND/OR graph from “above”.

Theorem 7. Given an AND/OR graph Gy (Va, Vo, INPUT, output; E), it is
NP-hard to compute a vertex set S' C (VA UV4) with the following properties:

1. If Gay is k-connected then |S'| < ck.

2. For some vertex separator S of Gay, |SNS'| > %

Proof. We reduce the problem of Theorem 6 to the problem of this Theorem.
For a given graph G'(V', E'), we construct an AND/OR graph G, (V\',V,

INPUT", output”; E") as follows. Assume that V' = {vy,...,v,}. Let INPUT" =

{I;;L;j :i,j = 1,...n}, VI = {output}, V' ={u;; 14,5 =1,...n}U{u; : i =

1,...,n}, and E" be the set of the following edges.

1. For each ¢ =1,...,n, there is an edge I; = u;.
2. For each pair i,j = 1,...,n, there is an edge I; j — u; ;.
3. For each pair 4,5 = 1,...,n, such that (v;,v;) € E', there are four edges

Wj 5= Ujy Ugj—>Uj, Uji—> Us, and Wji—>Uj-
4. For each 7, there is an edge u; — output”.

It is clear that two solution graphs P; and P, in GY,, which go through u;
and u; respectively are vertex disjoint if and only if there is no edge (v;,v;) in
E'. Hence there is a size k independent set in G’ if and only if there are k vertex
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disjoint solution graphs in G,,. And from k vertex disjoint solution graphs in
G\, one can compute in linear time a size k independent set in G'. Whence it
is sufficient to show that from each vertex set S’ satisfying the conditions of the
Theorem, one can compute in polynomial time an edge set Egr C E' with the
following properties:

1. If Gy is k-connected (that is, if the optimal independent set in G' has size
k) then |Es/| < ck.
2. Eg: contains an independence eligible edge set of size at least %

The following algorithm will output an edge set Eg/ with the above proper-
ties. In the following S’ is the vertex set satisfying the conditions of the Theorem.

— Let Esr = 0. Fori =1,...,ck, we distinguish the following two cases:
1. 8; = uj for some j < n. Let Es» = EsU{(v;,v})} where v} is any vertex
in G' which is incident to v;.
2. 8= Ujy ,jo for some jl,jQ <n. Let Eg = Eg' U {(1}]’1,1)]'2)} if (Ujl,’l}j2) €
E'" and Eg = Eg otherwise.

By the property of S’, it is clear that Eg has the required properties.
By Theorem 6, we have completed the proof of the Theorem. O

In the remaining part of this section, we outline how to construct AND/OR
graphs with trap-doors.

Construction First generate a graph G'(V', E') and a number k which satisfy
the conditions of Theorem 3 (or Theorem 4). Secondly use the method in the
proof of Theorem 7 to generate an AND/OR graph G, with the property that it
is hard to approximate at least half of the elements of a vertex separator of G},
from “above”. The AND/OR graph Gy is obtained by replacing all vertices
u;; of G, with the AND/OR graph G},,, where G}, is the AND/OR graph
which can implement the desired computation. As a summary, the construction
proceeds as follows.

1
graph G' — AND/OR graph G, “4" AND/OR graph Gy

6 Towards practical solutions

In the previous section, we considered the problem of designing AND/OR graphs
with trap-doors. Specifically, we constructed AND/OR graphs which is robust
against ck-active adversaries (therefore robust against ck-passive adversaries
also). However, these constructions are inefficient and are only of theoretical
interests. One of the most interesting open questions is how to efficiently gen-
erate hard instances of AND/OR graphs, especially, for arbitrary number k. If
we do not require that ¢ be an arbitrary given constant, then Theorem 5 can be
used to construct AND/OR graphs which are more “efficient” (though still have
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enormous complexity) than the AND/OR graphs constructed in the previous
section and which are robust against (1 + ¢)k-passive adversaries where ¢ < 1
is a small positive rational number. However, in order to construct AND/OR
graphs which are robust against ck-active adversaries for ¢ > %, we have to use
Theorem 6 in our construction. And the size of the graph G in Theorem 6 will
be impractical if we want to make the security of the system to be at least as
hard as an exhaustive search of a 1024-bit space.

We should also note that, in order to construct the AND/OR graphs in
the previous section, we need to construct standard graphs which satisfy the
conditions of Theorem 3 (or Theorem 4). That is, we need an algorithm to build
graphs whose independent sets are hard to approximate in the average case (note
that Theorem 7 only guarantees the worst-case hardness instead of average-
case hardness). Whence it is interesting (and open) to prove some average-case
hardness results for the corresponding problems.

In the following, we consider the problem of constructing practical average-
case hard AND/OR graphs which are robust against k + c-passive adversaries,
where c is some given constant. Our following construction is based on the hard-
ness of factoring a large integer and we will not use the approximation hardness
results.

Construction Let N be a large number which is a product of two primes p
and g. We will construct an AND/OR graph Gay with the following property:
given the number N and a vertex separator for Gy, one can compute efficiently
the two factors p and ¢g. Let x1,...,x; and y1,...,y; be variables which take
values 0 and 1, where t = |[log N|. And let (z¢...x1)2 and (y; ...y1)2 to denote
the binary representations of Y #;2°"! and 3" ;2° ! respectively. Then use the
relation

(l't...l'l)QX(yt...yl)Q:N (].)

to construct a 3SAT formula C' with the following properties:

1. C has at most O(£?) clauses.

2. C is satisfiable and, from a satisfying assignment of C, one can compute in
linear time a assignment of x1, ..., x¢, Y1, - -, y¢ such that the equation (1) is
satisfied. That is, from a satisfying assignment of C', one can factor N easily.

Now use Lemma 2 to construct an n + m-SAT-graph G'(V', E') and a number
k = O(t?) with the property that: from a size k independent set of G' one can
compute in linear time a satisfying assignment of C'. Lastly, use the method in
the proof of Theorem 7 to generate an AND/OR, graph Gy with the property
that, from a vertex separator of Gy, one can compute in linear time a size k
independent set of G' (note that, instead of approximating a vertex separator,
here we need to know a whole set of vertex separator). As in the proof of Theorem
7, from a vertex separator of G,y one can easily compute a size k independence
eligible edge set of G', from which one can compute in linear time a size k
independent set of G' (using the method of computing a satisfying assignment
of a 2SAT formula).
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It is straightforward to see that the above constructed AND/OR graph Gay

is robust against k + c-passive adversaries if factoring N is hard, where ¢ is any
given constant.
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Abstract. We formally define a class of sequential pattern matching al-
gorithms that includes all variations of Morris-Pratt algorithm. For the
last twenty years it was known that the complexity of such algorithms
is bounded by a linear function of the text length. Recently, substantial
progress has been made in identifying lower bounds. We now prove there
exists asymptotically a linearity constant for the worst and the average
cases. We use Subadditive Ergodic Theorem and prove an almost sure
convergence. Our results hold for any given pattern and text and for sta-
tionary ergodic pattern and text. In the course of the proof, we establish
some structural property, namely, the existence of “unavoidable posi-
tions” where the algorithm must stop to compare. This property seems
to be uniquely reserved for Morris-Pratt type algorithms (e.g., Boyer and
Moore algorithm does not possess this property).

1 Introduction

The complexity of string searching algorithms has been discussed in various pa-
pers (cf. [1, 6, 7, 8, 9, 12, 18]). It is well known that most pattern matching
algorithms perform linearly in the worst case as well as “on average”. Several
attempts have been made to provide tight bounds on the so-called “linearity
constant”. Nevertheless, the existence of such a constant has never been proved.
The only exception known to us is the average case of Morris-Pratt-like algo-
rithms [18] (cf. [17]) for the symmetric Bernoulli model (independent generation
of symbols with each symbol occurring with the same probability) where the
constant was also explicitly computed.

In this paper we investigate a fairly general class of algorithms, called sequen-
tial algorithms, for which the existence of the linearity constant (in an asymptotic
sense) is proved for the worst and the average case. Sequential algorithms in-
clude the naive one and several variants of Morris-Pratt algorithm [16]. These
algorithms never go backward, work by comparisons, and are easy to implement.
They perform better than Boyer-Moore like algorithms in numerous cases, e.g.,
for binary alphabet [2], when character distributions are strongly biased, and
when the pattern and text distributions are correlated. Thus, even from a prac-
tical point of view these algorithms are worth studying.
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In this paper we analyze sequential algorithms under a general probabilistic
model that only assumes stationarity and ergodicity of the text and pattern
sequences. We show that asymptotic complexity grows linearly with the text
length for all but finitely many strings (i.e., in almost sure sense). The proof
relies on the Subadditive Ergodic Theorem [11].

The literature on worst case as well average case on Knuth-Morris-Pratt type
algorithms is rather scanty. For almost twenty years the upper bound was known
[16], and no progress has been reported on a lower bound or a tight bound. This
was partially rectified by Colussi et al. [8] and Cole et al. [7] who established
several lower bounds for the so called “on-line” sequential algorithms. However,
the existence of the linearity constant was not established yet, at least for the
“average complexity” under general probabilistic model assumed in this paper.
In the course of proving our main result, we construct the so called unavoidable
positions where the algorithm must stop to compare. The existence of these
positions is crucial for establishing the subadditivity of the complexity function
for the Morris-Pratt type algorithms, and hence their linearity. This property
seems to be restricted to Morris-Pratt type algorithms (e.g., the Boyer-Moore
algorithm does not possess any unavoidable position).

The paper is organized as follows. In the next section we present a general
definition of sequential algorithms, and formulate our main results. Section 3
contains all proofs. In concluding remarks we apply Azuma’s inequality to show
that the complexity is well concentrated around its most likely value (even if the
value of the linearity constant is still unknown).

2 Sequential Algorithms

In this section, we first present a general definition of sequential algorithms (i.e.,
algorithms that work like Morris-Pratt). Then, we formulate our main results
and discuss some consequences.

2.1 Basic Definitions

Throughout we write p and t for the pattern and the text which are of lengths
m and n, respectively. The ith character of the pattern p (text t) is denoted
as p[i] (t[7]), and by t! we define the substring of t starting at position ¢ and
ending at position j, that is t7 = t[i]t[i + 1]---t[j]. We also assume that for a
given pattern p its length m does not vary with the text length n.

Our prime goal is to investigate complexity of string matching algorithms
that work by comparisons (i.e., the so called comparison model).

Definition 1. (i) For any string matching algorithm that runs on a given text
t and a given pattern p, let M(l,k) = 1 if the Ith symbol t[I] of the text is
compared by the algorithm to the kth symbol p[k] of the pattern; and M (I, k) =0
otherwise. We assume in the following that this comparison is performed at most
once.
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(ii) For a given pattern matching algorithm partial complexity function ¢, p is

defined as
ers(t,p) = Y M[LE] (1)
l€[r,s],ke[1,m]

where 1 < r < s < n. Forr =1 and s = n the function ¢, := ¢, is simply
called the complexity of the algorithm. If either the pattern or the text is a
realization of a random sequence, then we denote the complexity by a capital
letter, that is, we write C), instead of ¢,.

Our goal is to find an asymptotic expression for ¢, and C,, for large n under
deterministic and stochastic assumptions regarding the strings p and t. (For
simplicity of notation we often write ¢, instead of ¢, (t, p).) We need some further
definitions that will lead to a formal description of sequential algorithms.

We start with a definition of an alignment position.

Definition 2. Given a string searching algorithm, a text t and a pattern p, a
position AP in the text t satisfying for some k (1 < k < m)

M[AP + (k—1),k]=1
is said to be an alignment position.

Intuitively, at some step of the algorithm, an alignment of pattern p at po-
sition AP is considered, and a comparison is made with character p[k] of the
pattern.

Finally, we are ready to define sequential algorithms. Sequentiality refers to
a special structure of a sequence of positions that pattern and text visit during
a string matching algorithm. Throughout, we shall denote these sequences as
(I, k;) where [; refers to a position visited during the ith comparison by the
text while k; refers to a position of the pattern when the pattern is aligned at
position I; — k; + 1.

Definition 3. A string searching algorithm is said to be:
(i) semi-sequential if the text is scanned from left to right;

(ii) strongly semi-sequential if the order of text-pattern comparisons actu-
ally performed by the algorithm defines a non-decreasing sequence of text
positions (/;) and if the sequence of alignment positions is non-decreasing.

(iii) sequential (respectively strongly sequential) if they satisfy (i) (respec-
tively (ii)) and if, additionally, for any & > 1

M[lvk] = 1 = t;:%k_l) = pllc_l (2)

In passing, we point out that condition (i) means that the text is read from
left to right. Note that our assumptions on non-decreasing text positions in (ii)
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implies (i). Furthermore, non-decreasing alignment positions implies that all oc-
currences of the pattern before this alignment position were detected before this
choice. Nevertheless, these constraints on the sequence of text-pattern compar-
isons (I;, k;) are not enough to prevent the algorithm to “fool around”, and to
guarantee a general tight bound on the complexity. Although (2) is not a log-
ical consequence of semi-sequentiality, it represents a natural way of using the
available information for semi-sequential algorithms. In that case, subpattern
t;:%kq) is known when t[{] is read. There is no need to compare p[k] with t[/]

if tﬁ:%k_l) is not a prefix of p of size k — 1, i.e if AP =1 — (k — 1) has already
been disregarded.
We now illustrate our definition on several examples.

Example 1: Naive or brute force algorithm

The simplest string searching algorithm is the naive one. All text positions are
alignment positions. For a given one, say AP, text is scanned until the pattern
is found or a mismatch occurs. Then, AP + 1 is chosen as the next alignment
position and the process is repeated.

This algorithm is sequential (hence semi-sequential) but not strongly sequen-
tial. Condition in (ii) is violated after any mismatch on an alignment position
I with parameter ¥ > 3 , as comparison (I + 1,1) occurs after (I + 1,2) and
(1+2,3).

Example 2: Morris-Pratt-like algorithms [16, 19].

It was already noted in [16] that after a mismatch occurs when comparing
t[l] with p[k], some alignment positions in [[+1,...,l+k—1] can be disregarded
without further text-pattern comparisons. Namely, the ones that satisfy tiii»“l #
p’ffi. Or, equivalently, p’f_H # p’ffi, and the set of such i can be known by a
preprocessing of p. Other i define the “surviving candidates”, and chosing the
next alignment position among the surviving candidates is enough to ensure that
condition (ii) in Definition 3 holds. Different choices lead to different variants of
the classic Morris-Pratt algorithm [16]. They differ by the use of the information
obtained from the mismatching position. We formally define three main variants,
and provide an example. One defines a shift function S to be used after any
mismatch as:

Morris-Pratt variant:

S =min{k — 1; min{s >0: p’f;; =ph 175} ;

Knuth-Morris-Pratt variant:

S = min{k; min{s: py ! =p{ ' "and pj £ p;_l}} ;
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Simon variant:

K =max{k: M(l,k) =1} ;

B={s: pﬁ_fql =pE 1 and 0 < s < K -k} ;

S =min{d > 0:p{;; =p{~' "¢ and (p}_ # px_i,s € B)}
Example 3: Illustration to Definition 3.

Let p = abacabacabab and t = abacabacabaaa. The first mismatch occurs for
M(12,12). The comparisons performed from that point are:

— Morris-Pratt variant:
(12,12); (12, 8);(12,4); (12,2); (12,1); (13, 2); (13,1) ,

where the text character is compared with pattern characters (b, ¢, ¢, b,a, b, a)
with the alignment positions (1,5,9,11,12,12,13).

— Knuth-Morris-Pratt variant:
(12,12);(12,8);(12,2); (12,1); (13, 2); (13, 1) ,

where the text character is compared with pattern characters (b, ¢, b,a,b,a)
with the alignment positions (1,5,11,12,12,13).

— Simon variant:
(12,12); (12,8);(12,1); (13,2); (13,1) ,

where the text character is compared in turn with pattern characters (b, ¢, a, b, a)
with the alignment positions (1,5,12,12,13).

Some observations are in sequel: Morris-Pratt variant considers one align-
ment position at a time, while the optimal sequential algorithm, that of Simon,
considers several alignment positions at the same time, and may disregard sev-
eral of them simultaneously (e.g., in Example 3 positions 1 and 9 at the first
step and 5 and 11 at the second step). It is interesting to observe that the subset
{1,5,12} of alignments positions appears in all variants. We will see that they
share a common property of “unavoidability” explored below.

Our definition of semi-sequentiality is very close to the definition of sequen-
tiality given in [13]. We do not use the “on-line” concept of [6]. The on-line
algorithms are very close to our strongly sequential ones. Also, while condition
(2) is a natural optimization for semi-sequential algorithms, it seems not to be
true for other efficient algorithms discussed in [8].

Finally, in the course of proving our main result we discover an interesting
structural property of sequential algorithms that we already observed in Ex. 3.
Namely, when the algorithm is run on a substring of the text, say t)*, then there
are some positions ¢ > r that are unavoidable alignment positions, that is, the
algorithm must align at this positions at some step (e.g., see positions {1, 5,12}
in Ex. 3). More formally:
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Definition 4. For a given pattern p, a position i in the text t} is an unavoid-
able alignment position for an algorithm if for any r,/ such that r < i and
l > 1+ m, the position 7 is an alignment position when the algorithm is run on
tl.

Having in mind the above definitions we can describe our last class of se-
quential algorithms (containing all variants of KMP-like algorithms) for which
we formulate our main results.

Definition 5. An algorithm is said to be f-convergent if, for any text t and
pattern p, there exists an increasing sequence {U;}?, of unavoidable alignment
positions satisfying U;11 — U; < £ where Uy = 0 and n — max; U; < £.

In passing we note that the naive pattern matching algorithm (cf. Ex. 1) is
1-convergent. We prove below that all strongly sequential algorithms (i.e., all
Morris-Pratt-like algorithms) are m-convergent which will further imply several
interesting and useful properties of these algorithms (e.g., linear complexity).

2.2 Main Results

In this section we formulate our main results. Before, however, we must describe
modeling assumptions concerning the strings. We adopt one of the following
assumptions:

(A) WORST-CASE (DETERMINISTIC) MODEL

Both strings p and t are non random (deterministic) and p is given.

(B) SEMI-RANDOM MODEL

The text string t is a realization of a stationary and ergodic sequence while
the pattern string p is given.

(C) STATIONARY MODEL

Strings t and p are realizations of a stationary and ergodic sequence (cf.
[3])- (Roughly speaking, a sequence, say t7, is stationary if the probability
distribution is the same for all substrings of equal sizes, say tf‘k and t§+k
for1<i<j<n.)

Formulation of our results depends on the model we work with. In the de-
terministic model we interpret the complexity c,(t,p) as the worst case com-
plexity (i.e., we maximize the complexity over all texts). Under assumption
(B) we consider almost sure (a.s.) convergence of C),. More formally, we write
Cn/an — a (a.s.) where a, is a deterministic sequence and « is a constant if
lim,,—, 00 Pr{sup;s,, |Cr/ar — a| > €} = 0 for any € > 0 (cf. [3]). Finally, in the
stationary model (C) we use standard average case complexity, that is, EC,,.

Now we are ready to formulate our main results.
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Theorem 6. Consider an £ < m convergent sequential string matching algo-
rithm. Let p be a given pattern of length m.

(i) Under assumption (A) the following holds

maxy ¢, (t, p)

i meenB) o, ) ®
where a1 (p) > 1 is a constant.
(ii) Under assumption (B) one finds
Cy
% — a2(p) as. (4)

where ax(p) > 1 is a constant. If Ey denotes the the average cost over all text
strings, the following also holds:
E.C,
im 2P _ o) (5)

n—00 n

Theorem 7. Consider an {-convergent sequential string matching algorithm.
Under assumption (C) we have
E: nC
lim —P" — (6)
n—o0 n
provided m = o(y/n), where as > 1 is a constant and Ey  denotes the average
over all text strings of size n and patterns of size m.

Finally, with respect to our main class of algorithms, namely, Morris-Pratt
like (i.e., sequential) we shall prove in the next section the following results
concerning the existence of unavoidable positions.

Theorem 8. Given a pattern p and a text t, all strongly sequential algorithms
have the same set of unavoidable alignment positions U = |J;,{U;}, where

U = min{lréllilél{tgC <p}, [ +1} (7)

and tﬁﬂ < p means that the substring tﬁﬂ is a prefix of the pattern p.

Theorem 9. Strongly sequential algorithms (e.g., Morris-Pratt like algorithms)
are m-convergent and (3)-(6) hold.

In summary, the above says that there exists a constant a such that ¢, =
an + o(n) and/or EC,, = an + o(n). All previous results have been able only
to show that ¢, = @(n) but they did not excluded some bounded fluctuation
of the coefficient at n. We should point out that in the analysis of algorithms
on words such a fluctuation can occur in some problems involving suffix trees
(cf. [4, 14, 20]). But, in this paper we prove that such a fluctuation cannot take
place for the complexity function of the strongly sequential pattern matching
algorithms. For example, in the worst case we prove here that for any given
pattern p, any € > 0 and any n > n,, one can find a text t{ such that |2 —
a1(p)] < e.
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3 Analysis

In this section we prove Theorems 6-9. The idea of the proof is quite simple. We
shall show that a function of the complexity (i.e., ¢}, = ¢, + f(m) where f(m)
is a function of the length m of the pattern p) is subadditive. In the “average
case analysis” we indicate that under assumption (C) the average complexity C,,
is a stationary and ergodic sequence. Then, direct application of an extension
of Kingman’s Subadditive Ergodic Theorem due to Derriennic [10] will do the
job of proving our results. In passing, we point out that the most challenging is
establishing the subadditivity property to which most of this section is devoted.

For the reader’s convenience we start this section with a brief review of the
subadditive ergodic theorem (cf. [11, 15].

Theorem 10. (Subadditive Sequence). (i) Let for a (deterministic) nonnegative
sequence {x,}52 o the following property, called subadditivity, holds

Tman < Tp + T - (8)

Then

. x . x
lim = = inf ™ = q 9)
n—oo N m>1 m

for some constant a.

(ii) (Subadditive Ergodic Theorem [15]). Let Xy, (m < n) be a sequence of
nonnegative random variables satisfying the following three properties

(a) Xon < Xom + Xm,n (subadditivity);

(b) Xpm,n is stationary (i.e., the joint distributions of X, are the same as
Xm+1,n+1) and ergodic (cf. [3]);

(c) EXp1 < 0.
Then,
EXon . Xon
lim ——%" —~  and lim =2 =y (as.) (10)
n—o0 n n— 00 mn

for some constant .

(iii) (Almost Subadditive Ergodic Theorem [10]). If the subadditivity inequality
is replaced by
XO,n S XO,m + Xm,n + An (11)

such that lim,,_, oo EA, /n =0, then (10) holds, too.
Thus, to prove our main results we need to establish the subadditivity prop-

erty for the complexity ¢, (t, p) (for all texts t and patterns p). The next lemma
proves such a result for /-convergent sequential algorithms.
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Lemma 11. An {-convergent semi-sequential (or strongly semi-sequential) algo-
rithm satisfies the basic inequality for all r such that 1 <r < n:

lein — (crr +crn)| <m? +fm | (12)
provided any comparison is done only once.

Proof. Let U, be the smallest unavoidable position greater than r. We evaluate
in turn ¢ 5, — (¢1,r + cu,.,n) and ¢, — cy, n (cf. Figure 1) . We start our analysis
by considering ¢; , —(c1,r+¢cv,. ). This part involves the following contributions:

— Those comparisons that are performed after position r but with alignment
positions before . We call this contribution S;. Observe that those compar-
isons contribute to ¢; , but not to ¢ ,. To avoid counting the last character
r twice, we must subtract one comparison. Thus

Si= > Y M(@,i—-AP+1)-1

APLZri>r

— This contribution, which we call S, accounts for alignments AP satisfying
r < AP < U, that only contribute to c; ., that is,

U,—1
Se= > > M(AP+(i—1),i).

AP=ri<m

— Finally, since the alignment positions after U, on the text t7; and ti are
the same, the only difference in contribution may come from the amount
of information saved from previous comparisons done on t{. This is clearly
bound by

lein — (c1,0 + cUpn + S1+ S2)| <m .

Now, we evaluate ¢, — cu,.n (see second part of Figure 1). We assume that
the algorithm runs on t}' and let AP be any alignment position satisfying r <
AP < U,. The following contributions must be considered:

— The contribution S3

U,—1
Si= > > M(AP + (i —1),i)

AP=r i

counts for the number of comparisons associated positions r < AP < U,.
This sum is the same as S, but the associated alignment positions and
searched text positions AP + k — 1 may be different.

— Additional contribution may come from the alignment at position U,.. But,
no more than m comparisons can be saved from previous comparisons, hence

|cr,n —CU.,n — S3| <m.



196 M. Regnier and W. Szpankowski
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Fig. 1. Tllustration to the proof of Lemma 11

To complete the proof, it remains to find upper bounds on Sy, Ss, and Ss.
For £ > U, — r we easily see that Sy and S3 are smaller than ¢m. So are their
difference. With respect to Sy, for a given alignment position AP, we have |i —
AP| < m. This implies that |r — AP| < m, and for any AP the index i has at
most m different values. Thus, S; < m?2, as desired. B

Now we are ready to prove ¢-convergence for strongly sequential algorithms,
i.e. Theorem 9. It relies on Theorem 8 so we present the proof of Theorem 8
first. Let [ be a text position such that 1 < [ < n, and r be any text posi-
tion satisfying r < Uj. Let {A;} be the set of alignment positions defined by a
strongly sequential algorithm that runs on t;'. As it contains r, we may define
(cf. Figure 2).

Ay =max{4;: A; <U}.

Hence, we have Aj;; > U;. Using an adversary argument, we shall prove that
Ajyy1 > U cannot be true, thus showing that A;11 = U;. Let y = max{k :
M(Ay+ (k—1),k) =1}, that is, y is the rightest point we can do a comparison
starting from Aj; We observe that we have y < [. Otherwise, according to the
algorithm rule, we would have t"AJ < p, which contradicts the definition of
U;. Also, since the algorithm is sequential, then Ay;; <y +1 <[+ 1. Hence
U, =1+ 1 contradicts the assumption Ay, > U; and we may assume U; < [.
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In that case, plUl < p and an occurrence of p at position U; is consistent with
the available information. Let the adversary assumes that p does occur. As
sequence {A;} is non-decreasing and A ;41 has been chosen greater than Uj, this
occurrence will not be detected by the algorithm which leads to a contradiction.
Thus Ayy1 = Uy, as desired. This completes the proof of Theorem 8.

X
K

text .- X

patterns

Fig. 2. Illustration to the proof of Theorem 8

Finally, we turn to the proof of Theorem 9. Let AP be an alignment
position and define | = AP +m. As |p| = m,onehas | — (m —1) < U; < L.
Hence, U; — AP < m which establishes the m-convergence.

We now apply Theorem 10 to prove Theorems 6 and 7. After substituting
T1p = C1.n+ 1.5m? 4+ ¢m, we get subadditivity for any given p and deterministic
t. The worst case complexity results follow since

maxci,, < maxc., + max C., .

[t|=n [t|=r [t|=n—r
Now, let t}" range over the set of texts of size n, t] and t! range over the sets
of texts of size » and n — r. Then, as the text distribution is stationary, the
subadditivity holds in case (B). Also, the cost C, , is stationary when the text
distribution is. Applying Subadditive Ergodic Theorem yields (4) and (5).

We turn now to the average complexity. The uniform bound [16] on the
linearity constant, allows to define E,(FE¢(crr)), when p ranges over a ran-
dom (possibly infinite) set of patterns. The subadditivity property transfers to
E¢ »(Cy,) and (6) follows. This completes the proof of Theorems 6 and 7.

4 Concluding Remarks

We consider here sequential algorithms that are variants of classical Morris-Pratt
algorithms. We provided a formal definition, but the main property we use is
the existence of the so called unavoidable positions in any window of fixed size
(here the length of the searched pattern p). Hence, the result extends to any
algorithm that satisfies such a property [6, 13].

Nevertheless, in order to speed up the search, Boyer and Moore introduced
in [5] a quite different algorithm. Given an alignment position AP, matching
against p are checked from right to left; i.e. k is decreasing. Several variants
have been proposed that differ by the amount of information saved to compute
the next alignment position.
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We point out here that Boyer-Moore like algorithms do not satisfy unavoid-
ability property. We provide an example for the Horspool variant: given an align-
ment position AP, the next alignment position is computed by aligning the text
character t[AP + m] with t[AP + j] where

m — j = min{max{k : p[k] =t[AP + m]}, m}

Let us now consider as an example p = z*az?br?a,  # a,b. When t[AP+m]
is @ (resp. b or z) the next alignment position is chosen to be AP+6 (resp. AP+3
or AP +1). When t[AP + m] &€ {a,b, z}, one shifts the alignment position by
m. Assume now that t = y'%az*(bazbz?)™ with y # z and natural n. If the
Boyer-Moore-Horspool algorithm starts with AP = 1, a mismatch occurs on the
second comparison between t[10] and p[10] with AP shifted by 6. The same
event occurs then and we eventually get the sequence AP; = 1+ 6i. Assume now
that we split the text at r = 6. As t[16] is b, one shifts by 3 and b is found again.
Finally, one gets sequence AP] = 6 + 3i. As gcd(6,3) does not divide 5, these
two sequences are disjoint and there is no unavoidable position.

It follows that unavoidability cannot be used to prove linearity of Boyer-
Moore algorithms. Nevertheless, it is clear that we assumed a very strong (and
unlikely) structure on both text and patterns. In a recent paper [17], the existence
of renewal points almost surely allowed to prove the existence of a linearity
constant.

It is worth noticing that the Subadditive Ergodic Theorem proves the exis-
tence of the linearity constant under quite general probabilistic assumptions. The
computation of the constant is difficult and only limited success was achieved so
far (cf. [13, 18, 17]). However even if we cannot compute the constant, we can
prove that C), is well concentrated around its most probably value asn. Using
Azuma’s inequality (cf. [21]) we conclude the following.

Theorem 12. Let the text t be generated by a memoryless source (i.e., t is an
i.i.d sequence). The number of comparisons C,, made by the Knuth—Morris—Pratt
algorithm is concentrated around its mean EC, = asn(1 + o(1)), that is,

1
Pr{|C), — asn| > en} < 2exp (—552%(1 + o(l)))

for any € > 0.
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Abstract. Private information retrieval (PIR) schemesenable usersto obtain in-
formation from databases while keeping their queries secret from the database
managers. We propose a new model for PIR, utilizing auxiliary random servers
to provide privacy servicesfor database access. In thismodel, prior to any on-line
communicationwhere usersrequest queries, the databaseengagesin aninitial pre-
processing setup stage with the random servers. Using this model we achievethe
first PIR information theoretic solution in which the database doesnot needto give
away its data to be replicated, and with minimal on-line computation cost for the
database. This solves privacy and efficiency problemsinherent to all previous so-
lutions.

In particular, all previous information theoretic PIR schemes required multiple
replications of the databaseinto separateentitieswhich are not allowed to commu-
nicate with each other; and in all previous schemes (including ones which do not
achieveinformation theoretic security), the amount of computation performed by
the database on-line for every query is at least linear in the size of the database.
In contrast, in our solutions the database does not give away its contents to any
other entity; and after the initial setup stage which costs at most O(r log n) in
computation, the database needs to perform only O(1) amount of computation to
answer questionsof userson-line. All theextraon-line computationis doneby the
auxiliary random servers.

1 Introduction

Private Information Retrieval (PIR) schemes provide a user with information from a
database in a private manner. In this model, the database is viewed as an n-bit string
z out of which the user retrievesthe i-th bit «;, while giving the database no informa
tion about his query . The notion of PIR was introduced in [10], where it was shown
that if thereis only one copy of the database available then £2(n) bitsof communication
are needed (for information theoretic user privacy). However, if thereare & > 2 non-
communicating copies of the database, then there are solutionswith much better (sub-
linear) communi cation complexity. Symmetrically Private Information Retrieval (SPIR)
[11] addresses the database’s privacy as well by adding the requirement that the user, on

*An earlier version of thiswork appearsas MIT technical report MIT-LCS-TR-715. Thiswork
was done with the support of DARPA grant DABT63-96-C-0018.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'98, LNCS 1518, pp. 200-217, 1998.
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the other hand, cannot obtai n any informationabout the database in asinglequery except
for asingle physical vaue.

Two major problems arise with al existing solutions: firstly, in order to achievein-
formation theoretic privacy al previous solutions cal for replicating the database into
several non-communicating copies, which constitutesa seriousprivacy problem (asdis-
cussed below); and secondly, even though the communication complexity is sublinear,
theamount of computation that thedatabase engagesinislinear inthesi ze of thedatabase
for every query of theuser. It seems unreasonabl eto expect acommercial databasetodis-
tribute copies of itsdatato non-communicating entities and to perform linear amount of
computation per single query solely for the purpose of the user’s privacy.

Inthispaper, weintroduceanew model for PIR (or SPIR), which alowsusto achieve
significant improvements both in terms of security (circumventing the replication prob-
lem) and in terms of computationa complexity.

Thefirst enhancement tothe PIR model isthe use of auxiliary randomservers, whose
contents are independent of the contents of the database. This separates the task of in-
formation retrieva from the task of providing privacy. We use only asingle copy of the
original data (the database owner itself), who does not engage in any complex privacy
protocols, while al the privacy requirements are achieved utilizing the random servers,
who do the work instead of the database. The random servers do not gain any informa-
tion about the database or the user in the process (thisisin contrast to the old model,
where a database who wants to hire an agent to do all the privacy work for it must give
away all itsinformation to that agent).

The second enhancement to the mode, is that we divide the PIR computation into
two stages: the setup stage, which takes place ahead of query time and does not involve
the user, and the on-line stage, during which the user performs his various queries. The
purposeof thissplit of computation isto allow much of the computation to be done once
ahead of time, so that during the on-line stage the database i s required to engage in min-
imal computation and communication.

Using this model, we construct straightforward and efficient protocols for solving
the two problems described above. We achieve information theoretic privacy without
datareplication, and we minimize the on-line computation required from the database.

Below we describe these problems and their solutionsin more detail .

1.1 ProblemsWith The Previous PIR M od€

Protocols for PIR and SPIR schemes, guaranteeing information theoretic privacy, ap-
pearedin[10, 3, 15, 11]. These sol utionsare based on theidea of using multiplecopies of
thedatabase that are not all owed to communi cate with each other. Thisalowstheuser to
ask different questionsfrom different copiesof the database and combinetheir responses
to get theanswer to hisquery, without revealing his origina query to any single database
(or a coalition). The recent PIR scheme of [14] uses a single database, but guarantees
only computational privacy under the assumption that distinguishing quadratic residues
from non-residuesmodul o compositesisintractable. Infact, it was shownin[10] that us-
ing asingle database makes it impossibleto achieve information theoretic privacy with
sublinear communication complexity.

Unfortunately, the common paradigm behind al the solutions that guarantee infor-
mation theoretic privacy — the replication of the database in multiple separated |oca-
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tions— introduces a serious privacy problem to the database, the data replication prob-
lem. Namely, the database owner isrequired to distributeitsdataamong multipleforeign
entities, each of which could be broken into, or could use the data and sdll it to users
behind the legitimate owner’s back. Thisis particularly problematic since the database
cannot communicate with any of the other copies. Since thisreplicationisused to pro-
tect the user’sinterest, it is doubtful that real world commercial databases would agree
todistributetheir datato completely separated hol ders which they cannot communicate
with. Viewed from the user’s standpoint, it may be doubtful that usersinterested in pri-
vacy of their queries would trust copies of the same database not to communicate with
each other.

Secondly, the paradigm used in al existing PIR schemes requires the database to
actively participate in a complex protocol in order to achieve privacy. The protocol is
complex both in terms of the computation necessary for the database to performin or-
der to answer every question of the user, and in the less quantifiable lack of simplicity,
compared to the classica 1ookup-the-query-and-answer approach.

In particular, in all of the existing solutions (whether using a multiple number of
databases or asingleone), each database performsacomputationwhichisat least linear
inthe size of the database in order to compute the necessary answer for each question of
theuser. Thisisin contrast to the user’s computation and the communi cation compl ex-
ity, which are at most sublinear per query. Inthesingle database case (computational pri-
vacy) the complexity of the database computation isafunction of both the size n of the
database and the size of the security parameter underlying the cryptographicassumption
made to ensure privacy. Specifically, in the single database solution of [14], the compu-
tation takes a linear number of multiplicationsin a group whose size depends on the
security parameter chosen for the quadratic residuosity problem.! Again, the overhead
in computational complexity and lack of simplicity of existing schemes makeit unlikely
to be embraced as a solution by databases in practice.

1.2 New Approach: The Random Server Mode for PIR

Weintroduceanew mode for PIR, which allowsfor informationtheoretic privacy while
eliminating the problemsdiscussed above. Sinceitisnot possibleto useasingledatabase
and achieve sublinear communication complexity information theoretic results ([10]),
we must still use a multiple database model. The crucia difference is that the multiple
databases are not copies of the original database. Rather, they hold auxiliary random
stringsprovided by, say, WWW serversfor thispurpose. These auxiliary serverscontain
strings each of which cannot be used on its own? to obtain any information about the
original data. Thus, an auxiliary server cannot obtain information about the data, sdll it
to others, or use it in any other way. Instead, they may be viewed as servers who are
selling security services to ordinary current day databases.

The database owner, after engaging the services of some servers for the purpose of
offering private and secure access to users, performs an initial setup computation with

! For example, to achieve communication complexity O(r*) the security parameter is of size

O(n") and the number of multiplicationsis O(n).
2or in extended solutions, in coalition with others (the number if which is a parameter deter-
mined by the database)
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theauxiliary servers. The serversare then ready to assist usersin retrieving information
from the database owner efficiently and privately during the on-line stage. Periodic re-
initialization (setup stage) may be required in some frequency specified by the protocol .
Typicdly thisfrequency will be once in alarge number of queries (e.g. sublinear), or, if
no periodic re-setup is required, then only when the database needs to be updated.?

We differentiate between two kinds of random servers: universal and tailored. Uni-
versal random servers are servers whose contents may be determined in advance, even
beforethe setup stage, without any connection to aparticular database. Tailored random
serversare those who store some random string specific to the database they are serving,
namely those whose content is determined during the setup stage.

One of the parameters of a PIR scheme is how many servers of each kind are re-
quired. Clearly, universa servers are preferable, since they can be prepared in advance
and therefore are more efficient and more secure. Moreover, since they do not need to
store any data specific to the database they are serving, they could potentially be used
for multipledatabases at the sametime. Indeed, our strongest definition of privacy (tota
independence, below) requiresthat all serversinvolved are universal.

Wedefinetwo new kindsof privacy for thedatabasein thissetting (formal definitions
areinthe next section), independence, and total independence.

Independence informally means that no server can get any information about the
original dataof thedatabase owner. Thus, thered dataisdistributedamong al the servers
in aprivate way, so that no single one gets any information about it (this can be gener-
alized to t-independence, for any coalition of upto ¢ servers).

Total independence informally means that even all the auxiliary servers jointly do
not contain any information about the original data (namely al servers are universad).

Clearly, totd independence impliesindependence. Indeed the sol utionswe propose
to address the latter are simpler than the ones to address the former.

1.3 Our Results

We provide general reductions, starting from any PIR scheme, to schemes that achieve
independence or total independence and low database computation complexity, while
mai ntai ning the other privacy propertiesof the underlying starting scheme (namely user
privacy and database privacy). The database computation complexity on-lineisreduced
toasimple O(1) look-up-the-query computation, or for some of our schemes to no com-
putation at al. Instead, the servers assume responsibility for all computations required
for privacy in thestarting scheme. The user computation complexity staysthesame asin
the starting scheme, and (using existing solutions) it isaready bounded by the commu-
nication complexity (sublinear). Therefore, we concentrate on reducing the database's
computation, which in al previous schemes has been at least linear.

Let us describe our results.

Let S be aPIR scheme which requires k copies of the database,* and has commu-
nication complexity of C's. We provide two sets of schemes (al terms used below are
defined in section 2).

?Note that also in the old replication model, reinitialization is required when the database
changes.

*Note that creating k copies of the database may be viewed as a setup stage of complexity
O(n).
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Schemes Achieving Independence  We state the result both for the interesting special
case of ¢t = 1 (i.e independence), and the most general case for any ¢.

— A scheme achieving independence and maintaining the other privacy properties of
S. The scheme uses £ tailored and & universal servers, with communication com-
plexity O(C's), and no database participation in the on-line stage (i.e. no computa-
tion).

— A scheme achieving ¢-independence (for any ¢ > 1) and maintaining the other pri-
vacy propertiesof S. Thescheme uses k tailored and ¢k universal servers, withcom-
muni cation complexity (t+1)C's, and no database participationintheon-linestage.

Setup stage: The complexity of the setup stage is O(n). The number of tailored
servers, who need to obtain some string during setup stage, is k (the same asin the start-
ing scheme 5).

Schemes Achieving Total Independence There are two variants here.

— A (basic) scheme achieving total independence and database privacy, and maintain-
ing user privacy up to equality between repeated queries.® Thescheme uses max(k, 2)
universa servers and the database owner, with at most O(C's log n) communication
complexity, and O(1) database computation complexity.

— A scheme achieving total independence and maintaining the other privacy proper-
tiesof S (in particular complete user privacy). The scheme usesmax(k, 2) universal
servers and the database owner, with at most O((m + C's) log n) communication
complexity, where the servers and the database need to engage in a re-setup after
every m queries. The database computationis O(1).

Setup stage: The complexity of the setup stageis O(n log n). Notethat all servers
are universa, namely they could be prepared ahead of time, and do not change during
setup stage.

Tradeoff between the two versions: In the basic version the database can detect
repeated queries, but cannot gain any other information about the user’ squeries. Thisis
dedt withinthefina scheme, wheretotal independenceisachieved preserving complete
user privacy. The price for eliminating detection of repeated queriesisthat re-setup has
to be performed every m queries. The value of m, the frequency of reinitialization,isa
parameter chosen to optimally trade off the frequency and the communi cation compl ex-
ity. A suitable choice for existing schemes isto choose m = C's = nf thesize of the
communi cation complexity for asingle query, so that the over all communication com-
plexity doesnotincrease by morethan alogarithmicfactor, and yet asublinear number of
gueries can be made before reinitialization. Choosing between the two versions should
depend on the specific application: preventing the database from detecting equa ques-
tions, or avoiding reinitialization. Note al so that the first version adds database privacy
even if the underlying .S was not database private.

Main Idea: Note that total independence guarantees that all the auxiliary servers
jointly do not contain any information about the data. So how can they assi st the database

®namely, the only information that the database can compute is whether this query has been
made before.
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at al?Theideaisthat duringthe setup stage, asetup protocol isrun amongst the database
and the universal random servers, at the end of which the database is the one which
changes appropriately to ensure the privacy and correctness properties for the on-line
stage. Duringtheon-linestage, asbefore, the user communi cateswiththerandom servers
and with the database to privately extract the answer to his query.

14 Reated Work

PIR was originally introduced by [10], who were only concerned with protecting the
user’s (information theoretic) privacy. In particular, for aconstant number £ of database
copies, [10] with further improvement in [3] (for the case & > 2), achieve information
theoretic user security with communication complexity of n %=1, where n isthe length
of the data (in bits).

Recently, [11] extended PIR to SPIR (Symmetrically private informationretrieval),
where the privacy of the data (with respect to the user) is considered as well. They use
amodel where the multiple databases may use some shared randomness, to achieve re-
ductionsfrom PIR to SPIR, paying amultiplicativel ogarithmicfactor in communication
complexity.

Thework in[9] considerscomputational privacy for the user, and achieves a2 database
scheme with communication complexity of n¢ for any ¢ > 0, based on the existence
of one way functions. As mentioned earlier [14] relies on a stronger computationa as-
sumption—the quadratic residuosity problem—to achieve a 1-database PIR scheme with
computational privacy and communication complexity of »n¢ for any ¢ > 0.

The work in [15] generalizes PIR for private information storage, where a user can
privately read and write into the database. This model differs from ours, since in our
model users do not have write access into the database. Still, some connection between
the two models can be made, since one might consider a storage model where the first
n operations are restricted to be private write (performed by the database owner), and
all operations thereafter are restricted to be private reads (by users). This resultsin a
model compatible to our mode of independence (although this approach cannot lead
to total independence). We note that [15] independently® use a basic scheme which is
essentially the same as our basic RDB scheme of section 3.1. However, they use the
scheme in their modified model (where users have write access), and with a different
goa inmind, namely that of allowing usersto privately read and writeinto the databases.

None of the above PIR and SPIR works consider the data replication problem.

Recently, independently from our work, [ 7] had suggested the commodity based model
for cryptographic applications, which relies on servers to provide security, but not to
be involved in the client computations. Although thismodel isrelated to ours we stress
here some important differences. First, their model engages the servers only in the task
of sending one message (commodity) to each client, without any interaction. In con-
trast, our model stresses theinteraction of the serverswith the clientsfor the purpose of
reducing the computational complexity. Second, our model, unlike theirs, is designed
specifically for PIR, and solves problemswhich were not previously addressed.

® our results of section 3 were actually done previously to the publication of [15]
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Organization Section 2 introduces the relevant definitions and notation used. In sec-
tion 3 wedescribe schemes achievingindependence, and in section 4 we describe schemes
achieving total independence.

2 Notation and Definitions

Thelnformation Retrieval Model: The datastringisastring of » bitsdenoted by = =
z1,...,2,. Theuser'squeryisanindex: € {1,...,n}, whichisthelocation of the bit
the user istrying to retrieve. The database (also referred to as the original database, or
the database owner) is denoted by D.

Aninformationretrieval scheme isaprotocol consisting of asetup stage and an on-
linestage. During the setup stage, the auxiliary random servers are chosen, and possibly
some other setup computation is performed. During the on-line stage, a user interacts
withthe servers and possibly also with the original databasein order to obtain hisquery.
At theend of the interaction, the user should have the bit z;. In al our schemes, the on-
line stage consists of asingle round.

TheRandom Servers: Therearetwo kindsof auxiliary servers: Universal and Tailored.
Theuniversal servers contain completely random datathat can be prepared ahead of time
independently of the particular database in mind. The tailored servers on the other hand
are each independent of the database, but their content should be prepared for a partic-
ular database (during the setup stage), since the combination of al servers together is
dependent on the specific database. One of the parameters for an information retrieval
scheme is how many servers of each kind are required.

Werequirethat all serversare separate, in the sense that they are not all owed to com-
municate with each other. We al so addressthe case where upto ¢ of the serversarefaulty
and do communicate with each other.

Notions of Privacy: We define the following privacy propertiesfor an information re-
trieval scheme.
User privacy[10]: No single database (or server) can get any information about the
user’'s query ¢ from the on-line stage. That is, all the communication seen by a single
database is identically distributed for every possible query. This definition can be ex-
tended to user {-privacy, whereall communi cation seen by any coalitionof up to/ databases
(servers) isidentically distributed for every possible query.
Database privacy11]: The user cannot get any information about the data string other
thanitsvalueinasinglelocation. That is, all the communication seen by the user in the
on-line stage is dependent on asingle physica bit z; (so it isidentically distributed for
any string &’ st. z; = ).
IndependenceNo auxiliary server has any information about thedata string . That is,
the content of the auxiliary server isidentically distributed for any data string =. This
definition can be extended to ¢-independence, where no coalition of up to ¢ servers has
any information about « (thus, independence isthe specia case of 1-independence).
Total independenceAll theauxiliary serversjointly have no information about the data
string z, or equivalently all the serversare universal. That is, they are completely inde-
pendent of the origina data, and thus may all be chosen in advance.

In al the above definitions, informati on theoretic privacy may be relaxed to compu-
tational privacy, requiring indistinguishablity instead of identical distribution.
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Protocols: A private informationretrieval (PIR) scheme is one that achieves user
privacy, and a symmetrically private information retrieval (SPIR) scheme is one that
achieves user privacy and database privacy. These two protocols were defined in [10,
11], respectively. In this paper we will show how to incorporate the independence or
total independence propertiesinto PIR and SPIR schemes.

Complexity: We define the communication complexity of an information retrieval
protocol to bethetotal number of bitssent between theuser, the database, and the servers.
The computation complexity (of auser/database/server during setup/on-linestage) isthe
amount of computation that needs to be performed by the appropriate party before the
required communication can be sent. Note that we count sending bitsfrom a specific lo-
cation towards communication complexity, rather than computation complexity. Com-
munication and computation compl exity during the on-linestage refer to the compl exity
per each (single) query.

3 Achieving Independence: The RDB Scheme

In this section we describe a simple and efficient scheme, which takes advantage of the
random server model to achieve ¢-independence and no database participationin theon-
line stage. Specifically, we prove the following theorem.

Theorem 1. Given any information retrieval scheme .S which requires k copies of the
database and communication complexity C's, and for every ¢t > 1, there existsan in-
formation retrieval scheme achieving ¢-independence and maintaining the other pri-
vacy properties (user privacy and dataprivacy) of S. Thet-independent schemerequires
(t+ 1)C's communication complexity and (¢ 4 1)k servers, out of which only k are tai-
lored. The setup complexity is O(n) and the database is not required to participatein
the on-line stage.

An immediate useful corollary follows, setting¢ = 1:

Corollary 1. Given any informationretrieval scheme S which requires k copies of the
database, there existsaninformationretrieval scheme achievingindependenceand main-
tainingthe other privacy propertiesof .S, which reguires a factor of 2 in communication
complexity, and uses k tailored servers and & universal ones. The setup complexity is
O(n) and the databaseis not required to participatein the on-line stage.

The basic version of our reduction (the RDB scheme) isdescribed in section 3.1. In
section 3.2 we present another version, possessing some appealing extra properties for
security and simplicity. We note however, that the starting point for the second reduction
isany information retrieval scheme which has alinear reconstruction function. Thisis
usually the case in existing PIR schemes (cf. [10, 3]). Finally, in section 3.3 we prove
that the RDB construction satisfies theorem 1.

Another benefit of our scheme isthat it does not requirethe parti ci pation of the database
owner D after the setup stage. Instead, the servers deal with al the on-line queries and
computations. Even though D is not there for the on-line stage, he is guaranteed that
none of the servers who are talking to users on hisbehalf has any information about his
dataz.
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3.1 TheBasic RDB Scheme

Inthebasic RDB (random database) scheme, instead of replicating the original database
as in the underlying scheme, every copy isreplaced by ¢ + 1 random servers whose
contents xor to the contents of the database. The idea behind this replacement is that
if theset + 1 databases are chosen uniformly at random with this property, then any
coalition of ¢ of them are simply arandom string, independent of the actual original data
string. Therefore, ¢-independence isachieved . We proceed with the details of the basic
reduction. The communi cation complexity and privacy properties of thisschemewill be
proved in section 3.3.

Let the underlying scheme S be a PIR scheme with % copies of the database.

Setup Sage The database owner D chooses uniformly a random¢ + 1 random servers
Ry,...,Ri41in{0,1}*, suchtha forevery 1 < j < n, R1(j) @ ... ® Ryy1(j) =
D(j) = x; i.e, thexor of dl the serversisthe origina data string . Thisis done by
choosing k universa servers, and computing the content of another tailored server inan
appropriate way. A protocol to do that is described in the appendix.
Each of these serversisthen replicated & times, for atotal of k(¢ + 1) servers.
Thus, at the end of the setup stage, the random servers are

1 k 1 k
RY,...RE, ... Rl ... RE,

where R} = R? = ... = R¥ forevery s, andwhere RY & R} & ... & Ry, = x for
every r.

On-LineSage Duringtheon-linestage, the user executesthe underlyingscheme S ¢+ 1
times, each time with a different set of & databases. The first execution is with the &
copies of Ry, which results in the user obtaining R (4). The second execution is with
the k& copies of R, resulting in the retrieval of R»(¢), and so on. Finally, the user xors
al thet 4+ 1 valuesheretrieved, R (i) ® ... ® R:11(¢) = D(i) = x; inorder to obtain
hisdesired value z;.

Notethat theuser can performall theset+1 executionsof S in parallel. Also, theuser
may either performall theseparallel executionsindependently, or simply use exactly the
same questionsin all of them. Our proofs will cover both these variants, but we prefer
thelatter sinceit simplifiesthe protocol of user-privacy against coaitions. However, in
the most general case, if .S isamulti round scheme with adaptive questions, we must
usethefirst strategy of independent executions.

Remarks Notethat out of the k(¢ + 1) servers, all but % are universal servers which can
be prepared ahead of time, whereas the other % (copiesof R;,) aretailored.
Another thingto noteisthefact that our scheme usesreplication of therandom servers.

At first glance, thismay seem to contradict our goa of solvingthe datareplication prob-
lem. However, in contrast to replicating theoriginal database, replicating random servers
does not pose any threat to the original data string which we are trying to protect. Thus,
we manage to separate the user privacy, which requires replication, from the database
privacy, which requires not to replicate the data. Still, in the next section we describe
aversion in which thereis no replication, not even of the auxiliary servers, and which
subsequently providesa higher level of privacy, as discussed bel ow.
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3.2 TheRDB Scheme: Improved Variant

While the basic scheme does achieve t-independence (as no codition of ¢ servers has
any information about x), some of the servers there are replications of each other.

Here, we propose an improvement to the basic scheme, in which a higher level of
independence among the random servers is achieved, alowing for more flexibility in
choosingtherandom serversfrom different providers. Specifically, weachievet-independence
among the servers, namely every combination of ¢ servers areindependent of each other
(in particular, there is no replication of the servers).” Another benefit of this scheme
over the basic oneisthat, whilet is till the maximal size of coalition that the database
is secure against, it is also secure against many other specific combinations of larger
coalitions. This protocol works provided that the underlying PIR scheme has alinear re-
congtruction function (see 3.3), aquite genera requirement that is satisfied by currently
known PIR schemes.

Setup Stage Recdll that inthebasic version, wecreated ¢ + 1 servers and replicated each
of them & times, thereby creating ¢ + 1 sets, each of which consist of £ identical servers.
Inthisprotocol, thek serversin every set will beindependent random strings, instead of
replications. Specifically, the database owner D chooses uniformly at random k(¢ + 1)
servers Ry, ..., Riy,..., RY, ..., RF , withtheproperty that RT & ... & R}, | =«
forevery 1 < r < k.

Asin the basic scheme, &t of these servers are universal, and & are tailored. The
contentsof thetailored serversis computed by D using the same protocol asinthebasic
scheme (see appendix).

On-Line Stage During the on-line stage, the user sends his queries (according to the
underlying S) to each of the servers, where { R, . . ., R} ; } correspond to ther-th copy
of the database in the underlying scheme S. After receiving the answers from all the
k(t + 1) servers, the user xors the answers of 17, ..., R}, for each r to obtain the
answer of the »-th copy in S, and combines these answers as in S to obtain his final
vauez;.

The difference between this version and the basic version, is the following. In the
basic scheme, the user first runs S to completion with each of thet + 1 sets of servers
(for example one set is R}, . .. R¥) givingthe user ¢ + 1 values that enable him to xor
them all together and obtain the value of the primary database. In contrast, here the user
first combines answers by xoring values he received (for examplefrom 1, ... R{, ) in
the middle of the S protocol, which givesthe user the intended answer of each copy of
the database, and only then combines the answers as needed in S.

Thus, to succeed in this version, the underlying S must have the following close-
ness property under xor: If f.(x, ¢) isthefunction used by the r-th copy of the database
in S to answer the user’s query ¢ with the data string «, and given y1, . . ., ym, then
v, )®. .. & fr (Ym, @) = (1 ®. .. D ym, ¢). Thismay be generalized to any un-
derlying scheme with alinear reconstruction function. Thisrequirement isvery general,

"Moreover, if we assumethat the original data = is randomly distributed, then the serversare
2t + 1 independent.



210 Y. Gertner, S. Goldwasser, and T. Makin

and isusually satisfied by existing PIR protocols (for example, protocols based on xor-
ing subsets of locationsin the data string, such as[10, 3], the best PIR schemes known
to date).

3.3 Analysisof the RDB Scheme: Proof of Theorem 1

We now analyze the RDB scheme in terms of complexity, correctness, and privacy, to
show that it satisfies the bounds given in theorem 1.

The RDB scheme requires amultiplicativefactor of (¢ + 1) in communication com-
plexity over the underlying scheme S, since S issimply executed ¢ + 1 times. Typically,
tisaconstantt > 1, which means the communication complexity of RDB is O(C's),
where C's is the communication complexity of S. The number of tailored servers re-
quiredisthesameasthenumber of databasesrequiredin s, sinceall thetuples R4, . . ., R,
can be prepared in advance, and then they can be xored with theoriginal datato produce
Ri41. Thus, onetailored server is needed per one copy of the database in the underlying
S.

Itisnot hard to check that the scheme givesthe user the correct vaue «;, because of
the way the servers were chosen, and from the correctness of S.

User privacy properties carry from S, namely if .S was user-I-private (i.e. user pri-
vate against coalitions of up to [ databases), then so isthe corresponding RDB scheme
(where user privacy is protected from any coalition of [ servers). Thisis clear for coali-
tionsinvolving serversfromthe same set B!, ..., R¥ for some s, since the user simply
runs.S with the set. Thisargument immediately extendsto arbitrary codlitionsif the user
sends exactly the same questionsin all sets (i.e. in every execution of $).® In the case of
parallel independent executionsand amulti round adaptive S, alittlemore careisneeded
to show that the view of any coalitionisindependent of ¢, using the [-user-privacy of .S
inside sets, and the independence of the executions across sets.

Database privacy of .S asoimpliesdatabase privacy of the corresponding RDB scheme,
asfollows. If S is database private (SPIR), then in the »-th parallel execution of S the
user gets at most one bit, and altogether the user getsat most (¢ + 1) bits. Sincethese are
chosen uniformly at random among all stringsthat xor to z, it followsthat if the (¢ + 1)
bits are from the same location ¢ in all servers, they are distributed uniformly over all
(t + 1)-tuplesthat xor to z;, and otherwise the (¢ + 1) bits are distributed randomly
among all possibletuples. In any case, the user’sview depends on at most one physical
bit of «, and database privacy is maintained.

Finally, the RDB scheme achievest-independence sinceany coalitionof uptot servers
containsonly ¢ or lessof theserversin K7, . . ., R}, and thus (from the way the auxil-
iary databases were defined), the coalition consists of astring uniformly distributed over
all strings of appropriate length, independent of «.

4 Achieving Total Independence: The Oblivious Data Scheme

In this section we present a scheme for total independence PIR (or total independence
SPIR), where all auxiliary serversare universal, i.e. jointly independent of the database.
This scheme a so achieves O(1) computation complexity for the database.

8 This strategy is always possible unless S is amulti round adaptive scheme.
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Overview of Results We first describe a basic version of our scheme, which achieves
total independence, as well as database privacy, but maintainsthe user privacy with one
exception: in repeated executions of the basic scheme, the database can tell whether the
guestions in different executions correspond to the same index or not. We prove that
no other information about the content of the queries or the relations among them isre-
vealed to the database. Wecall thisuser privacy up to equality between repeated queries.
Thus, we prove the following theorem.

Theorem 2. Given any PIR scheme S which requires & copies of the databaseand com-
munication complexity C's, there exists a total independence SPIR scheme, private for
the database and private for the user up to equality between repeated queries, which
uses max(k, 2) universal servers, and requires communication complexity of at most
O(Cs logn). Thesetup complexityisO(n log n), and theon-linecomputati on complex-
ity of the databaseis O(1).

The scheme is described in section 4.1, and in section 4.2 we prove that it satisfies
the theorem.

Since the information of whether users are asking the same question or not may in
some applicationsbe an important information that viol ates the user privacy, we present
ageneralized version of our scheme in section 4.3, which completely hidesall informa-
tion about the user queries, even after multiple executions. This scheme maintains the
privacy properties of the underlying scheme, namely it transforms a PIR scheme into
atotal independence PIR scheme, and a SPIR scheme into a tota independence SPIR
scheme. The price we pay for eliminating the equality leakage, is that the setup stage
needs to be repeated every m queries, and an additive factor of m log n is added to the
communication complexity, where m is a parameter to the scheme (see 4.3 for how to
choose m). Thus, we prove the following theorem.

Theorem 3. Given any information retrieval scheme .S which requires k copies of the
database and communication complexity C's, there exists a total independence infor-
mationretrieval scheme, maintainingthe privacy properties (user privacy and database
privacy) of S, which usesmax(k, 2) universal servers, and requires communication com-
plexity of at most O((m + C's) log n), where m isthe number of queries allowed before
the system needs to bereinitialized. The setup complexity is O(n log n), and the on-line
computation complexity of the databaseis O(1).

The following corollary is obtained by setting m = = in the above theorem, where
n¢ is some polynomial equal to the communication complexity of the underlying PIR
scheme (it is conjectured in [10] that all information theoretic PIR schemes must have
communication complexity of at least £2(n°) for some ).

Corollary 2. Given any informationretrieval scheme S which requires k copies of the
database and has communication complexity O(n°), there exists a total independence
informationretrieval scheme, maintai ningthe privacy propertiesof S, whichusesmax(k, 2)
universal servers, requires communicationcomplexity of O(n¢ log n), and hastobereini-
tialized after every O(n®) number of queries.

It is not clear which of the two schemes — the one achieving privacy up to equality
(plus database privacy), or the one achieving full privacy but with periodic setups—is
better. This depends on the particular needs of the application.
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The Main Idea: Oblivious Data Recall that in order to achieve information theoretic
PIR anumber of multiple serversis required. On the other hand in order to achieve to-
tal independence PIR, al auxiliary servers must be (jointly) independent of the data. To
accommodate these two seemingly conflicting requirements we use the following idea.
During the setup stage, the database and the auxiliary servers create a new “oblivious’
string y which depends on the content of all of them. This string must be held by the
database D (since al others cannot hold any data dependent on «). Thus, we let the
database change during the setup stage, rather than the servers. Later, duringthe on-line
stage, the user interactswith the serversto obtain information about the rel ation between
y and z. Knowing thisinformation the user can simply ask D for thevalueof y inan ap-
propriatelocation, whose relation to 2z he knows from communication with the servers,
which enables him to compute z;. We call y an oblivious data string, since it should be
related to the data string «, yet in away which is obliviousto its holder D, so that D
cannot relate the user’squery in y to any query in x, and therefore learns nothing about
the user’sinterestsfrom the user’squery in y. Notethat all the database’'swork isin the
setup stage (which amountsto only alogarithmic factor over the work that needs to be
donetoreplicateitsalf inthe old model). During the on-linestage, however, al D needs
to doisto reply with abit from the oblivious string which requires no computation.

4.1 Basic Scheme
Let the underlying scheme S be a PIR scheme with % copies of the database.

Setup Stage The (universal) auxiliary servers are k servers each containing a random
stringr € {0, 1}, andarandom permutations : [1..n] — [1..n](represented by n log n
bitsinthe natural way). 1) and two of the servers R, R, engageinaspecific multi party
computation, described below, at the end of which 1) obtains the obliviousdata string

y=m(x dr)

but no other information about r, =. Each server does not obtain any new information
about .

Naturally, by the general multi-party theorems of [6, 8], such setup stage protocol
exist, but are very expensive. Instead, we design a specia purpose one-round efficient
protocol for this purpose.

Themulti party computationisdoneasfollows: 1) chooses uniformly at random two
stringsz! and 22 such that z* @ 22 = z. Similarly, R, chooses uniformly at random
r1 2 such that r* & r2 = r. Ry chooses uniformly at random 7!, 7% such that =! o
72 = 7, where o isthe composition operator (that is, 7?(7!(-)) = «(-)). The following
informationis then sent between the parties on secure channels;

Ry — Ryt Ry — Ro:7? Ry — D:v=nsl(r gzl
D— Ry &t D — Ry: 22 Ry — D :pi? u=n(r? & 2?)

D cannow computey = 7%(v) Bu=w(rt @ zl)d 7(r? @ 2?) = 7(r & ) (“the
obliviousstring”). i, and R, discard al communication sent to them during the setup
stage, and need to maintain only their original independent content.

At the end of the setup stage the database D has two strings: = which isthe original
datastring, and aso y whichistheobliviousdata. The auxiliary servers containthesame
strings as before the setup stage, and do not change or add to their content.
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On-Line Stage In the on-line stage the user first runs .S (the underlying PIR scheme)
with the serversto retrieve the block (j := #(4), r;), as specified below (recall that r;
is the random bit with which the user’s desired data bit was masked, and that j isthe
location of the masked bit in the obliviousdata string). Then the user queries D for the
velue &t the j-th location y;. Thisis done by simply sending j to D on the clear, and
receiving thecorresponding bity; back. To reconstruct hisdesired bit, the user computes
yydri=[medr));dr=(&r);dr=2z.

Since S isaPIR scheme for retrieving asinglebit, we need to specify how toretrieve
therequired block. Themost naiveway isto apply .S log n+1 times, each timeretrieving
asinglebit out of then(log n+ 1) bits. However thisway does not necessarily maintain
database privacy, and is not the best in terms of communication complexity. This can
be improved by noticing that each of thelog n + 1 bitsrequired belongs to a different
set of n bits. Thus, the online stage can be performed by log n + 1 parallel applications
of .S for one bit out of »n. Further improvements are possible when methods for block
retrieval which are more efficient than bit by bit are available (cf. [10]).

Note that the computation complexity for the database here is minimal — O(1). In
fact, the only thing required from 1 isto send to the user a singlebit from the specified
location.

Remarks Two questions may arise from our setup stage. First, can the setup stage be
achieved using only a single server and the database? This would change the required
number of serversintheschemeto & instead of max (&, 2). Second, and moreimportant,
note that during our setup stage if R; and R» collude, together they can find out the
data. So, to guarantee total independence, they should discard the communication sent
to them during the setup stage.” Can we construct adifferent protocol for the setup stage
which avoidsthis problem? The following lemma hel ps us answer the above questions,
by showing that it isimpossibleto achieve our setup stage with only two parties.

Before stating the lemma, et usinformally describe what it means for a 2-argument
functionto be privately computable, in theinformation theoretic model, and with honest
players(for formal definitionsand trestment see[17, 6, 8,13]). A function f ([x1], [¢2]) =
([11], [y=]) isprivately computableif thereexist aprotocol for two players Py, P-, asfol-
lows. At the beginning of the protocol P; holdsz; and P-» holds . during the protocol
the players may flip coins and alternately send messages to each other. At the end of the
protocol, each player ; (i = 1,2) can use the communication and his input z; to re-
construct hisoutput y; (correctness), but cannot obtain any other information about the
other party’sinput, that does not follow from his own input and output (privacy).

Lemmal. Thetwo-argument function f([x, r], [z]) = ([0], [x(x @ r)]) isnot privately
computabl e (in the information theoretic model).

Proof. See appendix. ]

From the lemma, it is clear that our setup stage cannot be achieved with a single
server and the database, since a multi-party computation is needed (rather than a two-
party computation). Thisisnot area problemthough, sinceif wewant informationtheo-
reticprivacy, wemust have £ > 2 inthePIR schemeto beginwith, andthusmax (k, 2) =

?Note that if the servers do not discard the communication, the privacy and independenceare
not compromised, but the total independenceis replaced by simple independence (and may be
extended to ¢-independence).
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k isoptimal number of servers. If however we arewillingto settlefor computational pri-
vacy, then we can achieve the setup stage with asingle server.

Asfor the second question, notethat thelemmaimpliesthat there cannot exist apro-
tocol (even with arbitrary number of servers), such that the database obtains = (r & )
and the serversjointly obtain no information about «. Thisisbecause if we consider the
information obtained by a coalition of al servers, thisis reduced to atwo party proto-
C(zl . Thu)s, our setup stage cannot beimproved in thissense, with respect to our function
T(rdr).

4.2 Analysisof the Basic Oblivious Scheme: Proof of Theorem 2

We now analyze the oblivious scheme in terms of complexity, privacy, and correctness,
to show that it satisfies the bounds given in theorem 2.

Itisnot hard to verify that the setup stage computationiscorrect, namely that indeed
y = m(z @ r). Now the correctness of the scheme follows from the correctness of the
underlying.S: sincetheuser uses S toobtainr; and j = «(7), itfollowsthat y; = z; & r;
andthusz; = y; @ ry.

The communication complexity of the scheme is at most (log n + 1)Cs(1,n) +
logn + 1, where C's(I, n) isthe communication complexity that the underlying scheme
S requiresto retrieve ablock of [ bitsout of » bits. Thisexpression is based on abit by
bit retrieval, as discussed above. Alternatively, any other method for retrieving blocks
can be used, yielding communication complexity Cs(logn+1, n(logn+1)) +logn +
1, which may be lower than the general expression. The computatlon complexity of
the database is O(1) during the on-line stage because it needs to send only one bit of
informationto the user. During the setup stage the computation of the database involves
linear computation complexity which is similar to the amount of work it needsto doin
order to replicate itself in the original PIR model. The communication complexity of
the setup stage is O(n logn), which is afactor of log n over the O(n) of existing PIR
algorithms, where the database has to be replicated.

Total independence is clearly achieved, since the auxiliary servers may al be pre-
determined in advance, and do not change their content after setup stage.

Database Privacy isaso guaranteed by our scheme, even if the underlying S isnot
database private. Thisis because, no matter what information the user obtains about =
and r, thisinformation is completely independent of the data «. The user gets only a
singlebit of information which isrelated to «, and thisisthebit y; at a certain location
J of theuser’schoice. Notethat sincey = #(x & r), thebit y; dependsonly onasingle
physical bit of «.

User Privacy with respect to the servers follows directly from the user privacy of
the underlying scheme, and user privacy with respect to D ismaintained in asingle ex-
ecution of the scheme, and in multiple executions up to equality between queries, aswe
prove below. However, if in multiple executions two users are interested in the same
query i, the database will receive the same query j = = (¢), and will thusknow that the
two queries are the same. Thiswill be dealt within section 4.3. We proceed in proving
user privacy up to equality with respect to the database D.

Consider an arbitrary sequence (i1, . . ., i, ) Of query indiceswhich are al distinct.
Wewill prove that the distribution of D’sview after the Setup stage and m execution of
the on-line stage with these indicesisindependent of thevaluesiy , . . ., i,,.

Lemma2. Let Vicrup betheview of D after performing the setup stage. For every per-
mutation 7 : [1..n] — [1..n], Prob[m =7 | Vierup) = =; Where probability is taken over

all the random setup choices 7, 7', r, »'. In particular, D does not get any information
about the permutation 7 from the setup stage.
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Proof. D’'sview consistsof Viepup = [t 2%, 7%, v = 7l (r! @ 2l),u = n(r? @ 2?)].
Given this view, every choice for a permutation 7 fixes the choices of 7', », »!. That
is, every 7 correspondsto asinglechoice (7, 71, 7, #1) which generates the given view.
Since all these random choices of the setup stage are done uniformly and independently
of ?ach other, each such choiceisequally likely. Thus, the probability of a particular &
is . O

Lemma3. (User Privacy) Let(éy,...,i,) beatupleof distinctindicesin[l..n]. Let
Vietup betheview of D after the setup stage, and V (i1, . . ., i, ) betheview of D for m
executionsof theon-linestagewithqueriesiy, . . ., i,,. Thenfor everytuple(jy, . . ., jm)
of distinct indices, and for every setup view Viegup,

. . . . n —m)!
PrOb[V(Zla"'alm) = (jla"'a.]m)|‘/setup] — g

n!

where probabilityistaken over all therandomchoices 7, 7', =, r!. Inparticular, theview
isindependent of the user queries.

Proof. Since after the setup stage D did not get any information about =, as proved in
proposition2, every = isequaly likely, and thusthegiventuple(ji, . . ., jm) may corre-
spondto any origina queriestuple(iy, .. zm) with equal probability. A formal deriva-
tionfollows. DenotebyH ={r |71, .. im) =1,y Im) )
Prob[V(ir,...,im) =01, -, Jm) | Vsetup] =), Prob[m| Vierup) Prob[V (i1, ..., in)=
(]la . ~~a.7m) | Vsetupa ] = Zﬂ—eﬂ PrOb[ﬂ'H/setup] = Zﬂ—eﬂ ,}y — o d
We proved that any two tuples of distinct queries (i1, .. ., i) and (z’l, Cy i) in-
duce the same distribution over the communication (ji, . . ., jm) sent to D. Therefore,
the basic scheme is user private up to equality.

4.3 Eliminating Detection of Repeated Queries: Proof of Theorem 3

In order for the oblivious database scheme to be complete we need to generaize the
basic scheme so that it guarantees user privacy completely and not only up to equality
between repeated executions. To extend it to full privacy we need to ensure that no two
executionswill ever ask for thesame location j. To achievethis, we use abuffer of some
sizem, inwhich al (question,answer) pairs (j, y; ) that have been queried are recorded.
Theon-linestageischanged asfollows: the user who isinterested inindex i first obtains
the corresponding r;, j from the servers similarly to the basic version. He does that by
running S'to obtal nthe bit r;, and (in parallel) using the most efficient way availableto
obtain the block j (again, a possibleway to do it is by running S(1, n) logn times).!
Then the user scans the buffer. I the pair (j, y; ) isnot there, the user asks D for y; (as
inthe basic scheme). If the desired pair is there, the user asks D for y; in some random
location j not appearing inthe buffer so far. In any case, thepair (j, y; ) whichwas asked
from D is added to the buffer.

Clearly, abuffer size m resultsinan additivefactor of m log n inthe communication
complexity over the basic scheme. On the other hand, after m executions the buffer is
full, and the system hasto bereinitialized (i .e. the setup stageisrepested, with new r, 7).
Thus, we want to choose m as big as possible without increasing the communication
complexity much. A suitable choice for existing schemes will therefore be m = n* the

%50 far we are doing the same as in the basic scheme, except we insist that r; is retrieved sep-

arately from j. This is done in order to maintain database privacy in case the underlying S is
database private, as proved below, and it does not change the communication complexity.



216 Y. Gertner, S. Goldwasser, and T. Makin

same as the communi cation complexity of the underlying S. This only increases com-
muni cation complexity by a constant factor, and till allowsfor polynomia number of
executions before reinitialization is needed. We note that in many practical situations,
reinitiaizationafter m stepsislikely to be needed anyway, asthe database itself changes
and needs to be updated.

Thedatabase privacy inthiscase dependsontheunderlyingscheme S If S isdatabase
private (a SPIR scheme), then so is our scheme. This is because, when running S, the
user gets only a single physical bit »; out of ». Now, no matter how much information
the user obtains about 7 or y (either from direct queries or from scanning the buffer),
the data « is masked by r (namely y = n(z @ r)), and thus the user may only obtain
information depending on a single physica bit of «.

The other privacy and correctness properties can be verified similarly to the basic
scheme proofs of section 4.2.
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A Setup Stageof RDB

For the basic RDB scheme, the database owner D chooses uniformly at random ¢ + 1
randomservers Ry, ..., Ryy1in{0,1}", suchthatforevery 1 < j <n, Ri(j)®...®
Ri11(j) = D(j) = z; i.e, thexor of adl the serversisthe original datastring «. This
is done by first choosing Ry, .. ., R; containing completely random strings (universal
servers), and then using the following protocol which allows D to prepare an appropriate
content for thetailored server R, 1. Sincewe do not allow the serversto gain any infor-
mation about each other, the result of this computation should only go to the database.
One possibleway would be to | et the database read the content of all universal servers,
but this would give the database much more information than it needs, which may be
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asource for future security problems.!! Thus, we use a simple multi-party protocol for
computing the xor, at theend of which D learns R; .+, but no other information, and the
serversdo not learn any new information.

ComputingRiy1 = R1 & ... Ry @xz: Eachoftheservers R, (1 < s < t)
first sharesits content among all othersand D, by choosing uniformly at random¢ + 1
sharesa,, . . ., as¢, ), that xor to R,. Each a,; issent to R;, and «/, issent to D. Next,
every server xors al shares sent to it from all other servers, and sends the result to D,
who now xorsal the messages and xz, to obtain the desired content for ;1.

For the RDB scheme of section 3.2, the same summing protocol isperformed & times
(computing 27, ; forevery 1 < r < k).

B Proof of Lemma 1

Assume towards contradiction that there is aprotocol that privately computes the func-
tion ([, 7], [z]) = ([0], [7(z & r)]). That is, before the protocol starts, player 7, holds
(m,r) and player P, holdsz. During the protocol P, P> may flip sequences of random
coins, denoted ¢1, ¢c» respectively. Denote the communication exchanged between the
playersby comm = comm(w, r, ¢, x,c2). At the end of the protocol, P, gets no infor-
mation about ; P, may apply areconstruction function ¢(comm, z, ¢2) = #(r & x) to
obtain his output; and no other information about (, ) isrevealed to P,. Now, when
r ischosen uniformly (z, #(r & x)) gives no information about 7, and thus P, obtains
no information about 7. In particular, thismeans that given P»’sview (z, ¢z, comm), any
permutation could have generated the given communication comm, or more formally,

Va,co,Ver,rymya’, 37’ ¢ comm(m, v, 1, x, ¢a) = comm(w’, 7, ¢}, z,e0) (D)

We will show that thisimpliesthat 7, can obtain information about = from the com-
muni cation, which contradictsthe privacy of the protocol. Let P, conduct the following
mental experiment on hisview (=, r, ¢, comm). P2 sets#’ to betheidentity permutation,
andfindss’, ¢} that yield the same communicationcomm(such »/, ¢} exist by (1)). Now,
sincew(r @ x) = g(comm(w,r, ¢y, ,¢2), &, c2) = g(comm(w' v ¢, x, e2),2,¢2) =
o' (r' & x) = (v @ z), P, canfind out that = satisfies the equation

r=7r dn(rd ). (2

Since( 2) cannot hold for @l = (unlessn = 1), we have shown that P, obtains some
information about «, which concludes the proof. ad

eg. in a setting where the same universal random servers may be used by multiple
applications.
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Abstract. We describe almost optimal (on the average) combinatorial
algorithms for the following algorithmic problems : (i) computing the
boolean matrix product, (ii) finding witnesses for boolean matrix multi-
plication and (iii) computing the diameter and all-pairs-shortest-paths
of a given (unweighted) graph/digraph. For each of these problems, we
assume that the input instances are drawn from suitable distributions.
A random boolean matrix (graph/digraph) is one in which each entry
(edge/arc) is set to 1 or 0 (included) independently with probability p.
Even though fast algorithms have been proposed earlier, they are based
on algebraic approaches which are complex and difficult to implement.
Our algorithms are purely combinatorial in nature and are much sim-
pler and easier to implement. They are based on a simple combinatorial
approach to multiply boolean matrices. Using this approach, we design
fast algorithms for (a) computing product and witnesses when A and B
both are random boolean matrices or when A is random and B is ar-
bitrary but fixed (or vice versa) and (b) computing diameter, distances
and shortest paths between all pairs in the given random graph/digraph.
Our algorithms run in O(n?(logn)) time with O(n~?) failure probabil-
ity thereby yielding algorithms with expected running times within the
same bounds. Our algorithms work for all values of p.

1 Introduction

Given two boolean matrices A and B of dimension nxn each, their product C
is defined as ¢;; = Vi(ain Abg,j). If ¢; j = 1, then a witness for this fact is any
index k such that a; = bx,; = 1. The witness problem is to find one witness for
each ¢; ; which has a witness. Computing boolean matrix multiplication and the
associated witness problem naturally arises in solving many path problems like
shortest paths [2, 3,10, 16], verifying the diameter of a given graph [6].

The only known approach to solving the boolean matrix multiplication
(BMM) problem is by reducing to matrix multiplication over integers by treat-
ing each 0,1-entry as an integer. ¢; ; = 1 as per BMM if and only if ¢; ; > 0 as

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'98, LNCS 1518, pp. 218-231, 1998.
[ Springer-Verlag Berlin Heidelberg 1998
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per integer matrix multiplication. The currently best algorithm for multiplying
matrices over arbitrary rings is due to Coppersmith and Winograd [9] and runs
in O(n¥) time where w = 2.376...

Recently, Alon and Naor [3] and independently Galil and Margalit [10] have
shown how by repeatedly using matrix multiplication, one can solve the boolean
matrix witness problem (BMWP) in O(n* (logn)°(")) time. The approach used
in [3] is derandomizing a simple randomized algorithm and is based on some
recent results on small size almost c-wise independent probability spaces.

The previous approaches to multiplying arbitrary matrices naturally use al-
gebraic techniques and are quite complex and very difficult to implement. But,
the BMM, BMWP problems are basically combinatorial in nature. For each i, j,
one has to select a proper index k (if it exists) such that a; = bi,; = 1. There
is no forcing argument which suggests that a combinatorial approach to these
problems would not work efficiently. In view of the complex nature of the alge-
braic approach, it is desirable to have a combinatorial approach for solving these
problems.

Basch, Khanna and Motwanit [6] present a combinatorial approach that
solves these problems in O(n?®/(logn)?) time. This works by dividing the columns
of A and the rows of B into logn sized groups and treating each logn-length
0,1-vector as an integer between 0 and n. This helps them to obtain a O(logn)
improvement over the n?/(logn) algorithm by Arlazarov, et. al. [5]. Other than
these, there is no subcubic algorithm (based on combinatorial approach) for
these two problems. As of now, it is not even clear if BMM, BM WP problems
have the same complexity.

In this paper, we present an alternative approach' to solve BMM, BMWP
problems. So far, we have not been able to provide a worst-case guaran-
tee of O(n®> ¢) time. However, using our approach, we design almost optimal
O(n?(logn)) time algorithms for multiplying two random boolean matrices and
also for finding witnesses. We can also achieve the same within the same time
bounds, when one of the matrices is random and the other is an arbitrary but
fixed matrix. The failure probability of our algorithms is O(n~3) leading to
O(n?*(logn)) expected time algorithms for both problems. It should be noted
that the two results (on both matrices being random and only one is random)
are independent and do not imply one another. These results provide strong
evidence that boolean matrix problems are probably efficiently solvable by our
or other combinatorial approaches.

One important feature of our approach is that it takes into account the den-
sity of the 1s in the input matrices whereas the algebraic approach seems indiffer-
ent to the density of 1s. By treating O(logn)-length 0,1-vectors as small integers

! The first author observed [15] this alternative approach and applied it to derive an
O(m+n(log n)) average time algorithm to compute Ab where A is a random boolean
matrix and b is a fized column vector. Here m refers to the expected number of 1’s
in A. Independently, the second author observed the same approach and used it to
derive the results of Sections 2,3,4,5 and 6. Upon knowing each other’s work, it was
decided to write this joint paper.
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as is done in [6], our approach can also be guaranteed to have O(n?/(logn)?)
worst-case running time. For some special classes of matrices, we obtain much
better running times.

Using our results on boolean matrices, we show how to compute the diameter
and all-pairs-shortest paths of a random graph/digraph in O(n?(logn)) time
with probability 1 — o(1). Previously, the best-known algorithms (without using
matrix multiplication) require O(n?/(logn)?) time to verify if the diameter of
a given graph is d or less, for fixed d. A shortest path between a pair i,J is
implicitly specified by its first vertex (if any) other than i and j. Most of the
previous work on average case analysis of shortest path algorithms have been
only over randomly weighted complete digraphs, randomness was only in the
weights and not in the presence of edges. Given such a graph, the idea is to
prove that it is sufficient to consider only O(n(logn)) edges to find all shortest
paths and apply standard shortest path algorithms. On the contrary, in our
model, we introduce randomness about the presence of edges and difficulties
arise only when we have 2(n(logn)) edges. The two models are not comparable.
To the best of our knowledge, our algorithmic results on finding shortest paths
constitute the first work of this nature.

2 A-columns-B-rows Approach

In this paper, we describe a different approach to studying boolean matrix prob-
lems. The usual combinatorial approach can be termed as A-rows-B-columns
approach. It works by considering a row of A and a column of B and looking
for matching positions in these n-vectors. This follows the definition of BMM.
On the other hand, in our approach, we consider any index k and consider the
k-th column of A (denoted A,y) and the k-th row of B (denoted By,). For any
t,j such that a;, = 1 = by, j, k is a witness for the pair ¢, and hence ¢; ; = 1.
That is, every pair of 1s in A, and By., is witnessed by k. This implies, if A,
and By, each have 2(n) 1s, then we get a witness for each of 2(n?) pairs in
in constant time per pair. If we repeat this for every k, we get witnesses for all
pairs. We call this method A-columns-B-rows approach.

One drawback is that any pair will be counted for each of its witnesses. That
is, if a pair has several witnesses, then it will be counted several times resulting
in redundant work. However, this approach gives faster combinatorial algorithms
than previously possible for some speciall classes of boolean matrices.

First, we do a preprocessing during which we group together all 1s in each
A, in a binary search tree Ay. Similarly, we group together all 1s in each By,
in a search tree By,.2 The information stored in the search trees include the row
and column numbers as well. Then, we compute the sizes n4 (k) of each Ay, and

2 Sometimes, it is useful to store the sets Ay, By as doubly-linked lists. For both
ways of storage, all pairs (¢,j) (i € Ax,j € Bj) of elements can be enumerated in
O(]Ak| - |Bx|) time. When there is a need for searching the sets, it is useful to store
Ay, By, as binary search trees, even though it takes O(]Ax| - (log|A|)) time to build
the search trees.
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np(k) of each By. There are exactly na(k) - np(k) pairs having k as a witness,
for each k.

If Y, (na(k) -np(k)) = m, then we get an O(m + n?logn) algorithm. If m =
O(n*t¢), in particular if each pair has at most n¢ witnesses, then BMM, BMWP
both can be solved in O(n?*¢) time. This is certainly faster than O(n?/(logn)?))
algorithm for such special classes of matrices.

On the other hand, if each pair has either zero or sufficiently large number of
witnesses, then a witness for each pair can be found easily. Suppose the pair (i, j)
has 2(n'~¢) witnesses. If we pick up an index value k between 1 and k repeatedly
and randomly, and check if it is a witness for (7, j), then in O(n¢(logn)) steps, we
will encounter a witness for (i, j), with probability of at least 1 — n~>. Thus we
can obtain witnesses for all such pairs in O(n?"¢(logn)?) time, with probability
of at least 1 — n~=3. In fact it is enough to pick a set of O(n(logn)) random
values of k only once (as described in the algorithm given below). In particular,
for € = 0.5, we can find in O(n2(logn)?) time, a witness for ech pair. This
algorithm is deterministic if each pair has at most n°-®> witnesses, or randomized
(with failure probability at most n~3) if each pair has either zero or at least n°-
witnesses.

Not knowing whether each pair has at most n¢ (¢ < 0.5) or at least n!~¢
(e < 0.5) witnesses is not a handicap. For the former case, we merely need to
check if m (the total number of witnesses) is at most n>*¢. For the latter case,
let I be the minimum non-zero number of witnesses that any pair has. Then it
is enough to pick an index k between 1 and n repeatedly and randomly at most
5(n/l)(logn) times, to ensure that we pick a witness for every pair (with at least
one witness), with probability > 1 — n=3. We still do not know the value of .
However as shown below, we only need to know an approximate value of /. Note
that since [ > n'~¢ with € < 0.5, w have { > n%5.

Suppose we divide the interval [0, n] into [0],[1,2], (2,4], (4,8],...,(27,n] for
some j. Clearly, there are only logn intervals and [ lies in one of the intervals.
For any interval indexed by s, for any I’ € (2%,25"!], the maximum and the
minimum values of n/l’' differ by a factor of at most 2. Moreover, as I’ goes from
n down to n%? n/l' grows from 1 (when n = I') monotonically. Thus, starting
with the last interval and going down over successive intervals, we use the lower
bound 2% as an approximate value of | and pick up the required number of
random values of k. When we come to the correct interval, we will find witnesses
for all pairs with probability of at least 1 —n~%. If [ € (2%,2°%1], the total time
is O ((Zs<r<jn/27)n?(logn))?). But Xy<r<;n/2" < 2n/2° = O(n/l)). Thus the
total running time is O(n?¢(logn)?). and remains the same as when we know
apriori the exact value of [.

The algorithm explained so far has formally been described below as algo-
rithm Bool-Matrix-Witnesses. Based on the arguments given above we can
assert the following: (i) If m = O(n?*¢) for some € < 0.5, then C' and W
can be computed deterministically in O(n? + m) time. (ii) If every pair has
either zero or at least n'~¢ (or more strongly |N|/n¢, N defined in Step 3) wit-
nesses for some € < 0.5 , then C and W can be computed deterministically in
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O(n?*<(logn)?) time with probability at lest 1 —n~2. (iii) The algorithm always
runs in O(n??®(logn)?) time.

Remark 1. While assertion (ii) can be realized by using direct method also, it
does not seem possible to realize assertion (i) by the direct method.

Algorithm 21 Bool-Matrix-Witnesses
(Input: Boolean Matrices A and B of size n x n each )
(Output: Product matrix C' and witness matrix W.)

1. for each 4,5 € {1,2,...,n}, set ¢;,; = w;,; = 0.
2. for k=1 ton do
(a) Store the 1sin A, in a search tree Aj and store the 1s in By, in a search tree
By.
(b) Compute na(k) = |Ax|, and np(k) = |By].
3. if Zpna(k)np(k) = O(n*®(logn)) then
(a) for k=1 ton do
i. for all pairs (¢, ), where i € Ay, j € By, set ¢;; =1 and w; ; = k.
(b) Exit.
4. Compute N = {k|na(k) # 0,ng5(k) # 0}, r. = [logyn|, r = [log, n®7| and set
r=ry.
5. repeat
(a) Randomly (with replacement) draw s = 5(n/2")(logn) integers ki, ks, ..., ks
from N.
(b) for each k € {ki1,ks,...,ks} do Execute step 3(a)(i).
(c) Set r=r—1.
until either r < r; or there are at most n”/2" pairs with no witnesses so far.
6. if there are at most n'-® pairs with no witnesses, find the witnesses for these pairs
by a direct method.

3 An O(n*(logn)) Algorithm for Random Boolean
Matrices

In this section, we show that if both input matrices are random instances, we
can obtain, using our approach, almost optimal O(n?(logn)) combinatorial algo-
rithms for finding witnesses for all pairs, with very high probability. We consider
the following random model. A and B are both random boolean matrices. Each
entry in both of them is set (independently) to 1 with probability p = p(n) and
0 otherwise. Our results hold for all values of p(n). For this section, we assume
that the sets Ay, By of non-zero entries in A,y, By« respectively are stored in
doubly-linked lists. We initially set the product matrix ¢; ; and the witness ma-
trix w; ; both to be zero for all i and j. This takes O(n?) time. We will often be
using the CH bounds [17,13, 14] given below.

Chernoff-Hoeffding (CH) bounds [17] : Let X1,..., X,» be independent ran-
dom variables that take on values in [0, 1], with E[X;] =p;, 1 < <m. Let X=3 . X;
and p=E(X) =), pi. Then,

Pr(X < u(1—0)) <e /> for any o €[0,1]
Pr(X > pu(1+96)) < e M3 for any ¢ € [0,1]
Pr(X > p(1+6)) < e #0004 for any 6 > 1
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Case p(n) < 10(logn)/n :

By CH bounds, for any fixed k, the number of non-zero entries in A, is
O(logn) with probability® at least 1 — n~%. Similar statement holds for the
matrix B also. This implies that, with probability at least 1 — O(n~3), we have

na(k), np(k) = O(logn), for all k
Hence

Y (na(k) -np(k)) = O(n(logn)*)

k

Thus we can find witnesses (if there is any) for all pairs in O(n? + n(logn)?) =
O(n?) time.
Case 10(logn)/n < p(n) < 104/(logn)/n :

Again, by Chernoff-Hoeffding, for any fixed k, and any positive constant
0 > 1, the number of non-zero entries in A, is at most 10(1 + §)/n(logn)
with probability at least 1 —e~10(1+9)np/4 > 1 _ O(n~*). This implies that, with
probability at least 1 — O(n=3),

na(k), np(k) <10(1 + d)y/n(logn), for all k

Hence

Y (na(k) -np(k)) = O(n*(logn))

k

and witnesses for all pairs can be found in O(n?(logn)) time.
Case 104/(logn)/n <p(n) <1:

First, we compute an approximation ¢ to p as follows : ¢ = NZ/n? where
N Z is the number of non-zero entries in A. Since each entry is set to 1 or 0 with
independent probabilities, by CH bounds, we have for any 0 < § < 1,

(1-0)n’p< NZ < (14 68)n?p

with probability at least 1 —2e~""7°/3 As long as p > n =2+ and § = (logn) M
for fixed positive €, M, we have 1 — 2e~"P3°/3 > 1 — =5 say. This means that
g = p[1 £ o(1)] with polynomially low failure probability.

Now fix a value of i and fix § = 0.8. As before, we assume that the sets
By« have been found out and stored in doubly linked lists Bj. Let ng =
[25(logn)/q*]. Due to the lower bound on p in this case, no < n/4. Consider the

% Actually, when p(n) = o((logn)/n), we can not directly deduce this failure proba-
bility from CH bounds because the expected number of 1s in A,; becomes o(logn).
However, we can overcome this problem by choosing a larger value for p and applying
CH bounds. This is justified since we are only trying to upper bound the number of
1s.
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first ng columns of the i-th row, the entries a;1,...,a;,.- By CH bounds, with
probability at least 1 — 2e=9"107/3 > 1 — O(n=5), there are at least (1 — &)nop
and at most (1 + §)nop columns among the first ng columns such that there is
a l-entry in those columns in the ¢-th row.

Let ki, ..., ks be the corresponding column indices, where (1 — §)nop < s <
(1 + 0)ngp, with very high probability. Now consider the rows of B with corre-
sponding indices ki, ..., ks. There are totally ns possible 0,1-entries. Of these,
there will be at least (1—4§)nsp and at most (1+§)nsp non-zero entries, with prob-
ability 1 — O(n=?). Substituting the values of ng and bounds on ¢, s, we deduce
that there will be at least (1 + 2 — 28)n(logn) and at most (1 + &2 + 25)n(logn)
non-zero entries in the rows By, «,..., Bk, «-

Also, for any column j,

Pr(b; = 0,Vi=1,...,5) = (1= p)° < (1 = p)1=9)0» = O(n~%)

Hence, with probability > 1 —O(n™%), for every j, the pair (i, j) has at least one
witness in {kq, ..., ks} and the total number of such witnesses is O(n(logn)).

The indices ki,...,ks can be found in O(n) time. The sets By,,..., B,
represent the set of all witnesses within {ki,...,ks} for each column. Thus the
total running time for finding witnesses for all pairs corresponding to the i-th
row is O(n(logn)). Thus witnesses for all pairs can be found in O(n?(logn))
time, with probability at least 1 — O(n=2).

Remark 2. If we apply the straightforward O(n?) algorithm upon the failure of
our O(n%(logn)) algorithm, we get an O(n?(logn)) expected time algorithm for
BMM, BMWP problems. The above given analysis works when B = A also.
Hence computing A% and its witnesses can be done in O(n?(logn)) time, for a
random A.

4 An O(n?(logn)) Algorithm for Random A and Fixed
Arbitrary B

When only A is assumed to be a random matrix and B is arbitrary
but fized, we can find witnesses in O(n?(logn)) time with probability at

least 1 — n™3. Let L = L(n) be the positive integer such that 27 <
n/10(logn) < 2L*1 Let m = 10(logn)/n and divide the interval [0,1] into
[0,m], [m,2m)],...,[29m, 27T m],... [2l'm,1]. As before, we assume that each

entry in A is chosen with probability p(n). Initially, we assume that the al-
gorithm knows the value of p. Also, we maintain the non-zero entries of each
column of B in a doubly-linked list. As before, we initially set ¢; ; = w; ; = 0 for
all 4,5.
Case p(n) < 10(logn)/n :

As before, for any fixed k, we have n4(k) = O(logn) with probability at least
1 —n* Hence Y, na(k) - ng(k) = O(n*(logn)). Thus, witnesses for all pairs
can be found in O(n?(logn)) time with probability at least 1 — n 3.
Case 2! - 10(logn)/n < p(n) < 21+ . 10(logn)/n for some [ :
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For any j such that the jth column of B, B,;, has at most n/2! 1s, we
certainly can find witnesses for all pairs (i,7) (1 <4 < n) by scanning all non-
zero entries of the k-th column of A, for each k such that by ; = 1. The number
of such non-zero entries is O(n?p/2') = O(n(logn)) with probability > 1 —n"5.
This takes O(n(logn)) time for each such j.

If j is such that B,; has at least n/2! 1s, then consider the first n/2' row
positions ki, ..., ks where s = n/2!, corresponding to non-zero entries in B.;.
For any fixed 1,

Pr(aip, =0,Vr=1,...,5) = (1—p)"/? =0(n?)

Hence every pair (4,j) has a witness in {ki,...,ks} and these witnesses can be
found by scanning the non-zero entries of A, ,,..., A« r,. But there are only
O(n%*p/2') = O(n(logn)) non-zero entries in these columns, with probability
> 1 —n~5. This takes O(n(logn)) time for each such j. Hence witnesses for all
pairs can be found in O(n?(logn)) time with probability at least 1 —n=3.
Case 2L - 10(logn)/n < p(n) <1 :

As before, for any 7, consider all 1s in B,; if there are only at most n/2% 1s,
otherwise consider the first n/2" 1s in B,;. Let kq,..., ks be the row positions
corresponding to these 1s. We have s < n/2% in the former case and s = n/2F
in the latter case and n/2% < 20(logn). Let us consider the non-zero entries in
the columns A.g,, ..., A, . In the former case, these 1s give witnesses for all
pairs (which have a witness) (7, j) and it takes O(n(logn)) time for each such j.

In the latter case, consider any fixed i. Then,

Pr(aip, =0,Vr=1,...,5) = (1—p)"/? =0(n?)

Hence every pair (i,j) has a witness in {ki,...,ks} and these witnesses can be
found by scanning the non-zero entries of A, ,,..., A i, . But there can be only
O(n(logn)) non-zero entries in these columns. This takes O(n(logn)) time for
each such j. Hence witnesses for all pairs can be found in O(n?(logn)) time with
probability at least 1 — n=3.

Remark 3. The working of the algorithm depends on the value of p. Our analysis
assumes that the algorithm knows the values of p. However, as shown in the previous
section, we can get an estimate g such that ¢ = p[1 + o(1)] with very high probability,
as long as p > n~?7¢ for any positive constant e. Once we have g, we can find the range
into which it falls and accordingly the algorithm proceeds. Since ¢ is not the same as
p, it may be that ¢ falls into an interval other than the one to which p belongs. But
since ¢ = p[1 & o(1)], it should only fall into an adjacent interval. So, we modify the
algorithm to run for these adjacent intervals also. But this only increases the running
time by a constant factor. Thus algorithm runs in O(n?(log n)) time even when we use
q in place of p. When p < n™ 27, the number of 1s in A is O(n°) with probability
>1—0(n""). But this means that the total number of witnesses for all pairs is only
O(n*™).

Remark 4. It should be noted that the algorithm is the same for all B and the analysis
is also the same. However, the analysis holds only when B is assumed to be fixed. The
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same result holds when A is arbitrary but fixed and B is a random boolean matrix.
This is because the matrix multiplication definition is symmetric with respect to A and
B. Computing A - B is equivalent to computing BT - AT = (A - B)T. Hence when B is
random and A is arbitrary, BT - AT can be computed using the algorithm described in
this section.

5 Computing the Diameter

Based on the results developed so far, we show how to estimate the diameter
of random graphs. For an undirected graph G = (V, E), for u,v € V, we define
d(u,v) to be the length of any shortest path between u and v if any exists.
Otherwise, define d(u, v) to be co. For directed graphs, we consider the directed
paths for distance calculation. The diameter of G, diam(G), is defined as the
maximum distance between any pair of vertices, diam(G) = maz{d(u,v)|u,v €
V1

If we adopt the algebraic approach, we can find the diameter in O~(n“’) time
using the shortest path algorithms developed in [2,16]. As pointed out in [1], this
seems to be the only known approach for estimating the diameter. Chung [8] had
earlier asked whether there exists an O(n3~¢) algorithm for diameter computa-
tion which does not use fast matrix multiplication. Basch, et. al. [6] and Aing-
worth, et. al. [1] present combinatorial algorithms. The algorithm of [6] requires
O(n?/(logn)?) time to verify if an arbitrary graph has diameter d for any fixed
d > 2. [1] presents an O(n*®y/logn) algorithm for diameter computation with an
additive error < 2. The running times are with respect to worst-case measure.
On the other hand, results of this section show that there is an O(n?(logn))
algorithm for computing the diameter exactly if the input is a random graph.

First consider the undirected random graph G = (V,E) drawn from the
model G(n,p). Here each of (g) edges is chosen independently with probability
p = p(n). When p(n) < 30(logn)/n, by CH-bounds, there are only O(n(logn))
edges in the random graph, with probability at least 1 — O(n~2). In this case,
we can apply the straightforward approach (breadth-first-search starting at ev-
ery vertex) to find the diameter in O(n?(logn)) time. Hence we assume that
p(n) > 30(logn)/n. First, we prove (in Section 6) that with probability at
least 1 — O(n~3), there is a d-path between any pair of vertices in G, where
d = (logn)/(loglogn) and hence diam(G) < d. In what follows, we show how to
find the exact value of diam(G) in O(n*(logn)) time.
Notations: For a pair (i,75), a walk of length [ > 0 between i and j is a sequence of
alternating vertices and edges such that it starts at ¢, ends at j, and there are [ edges
in the sequence. A path is a walk in which no edge or vertex appears more than once.
For any pair (7, j), there exists a walk of length of length < [, iff there exists a path
of length < I. For a vertex ¢, and an integer [ > 0, let N;(¢) (and n;(7)) denote the
set (and number) of all vertices j such that d(¢,j) < I. The adjacency matrix A of G
defined by a; ; = 1, if either ¢ = j or (¢,5) € E. This is slightly different from the usual
definition in which a;; = 0. The following facts are easy to verify.
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Fact 51 (i) A is a random boolean matriz.* (ii) A represents all pairs which are at
a distance at most 1. (iii) In A? (boolean multiplication), any pair i,7 has a 1-entry if
and only if there is a walk (and hence a path) of length < 2 between i and j in G. In
general, A' has a 1-entry in (i, 7)-th position if and only if there is a path of length <1
between i and j. (iv) d(i,j) is the least value of | such that A' has a 1 in its (i, §)-th
entry.

Case p(n) > 104/logn/n :

By CH bounds, with probability > 1—n "2, any two vertices share at least one
common neighbor and hence the diameter is at most 2. Thus A? has a l-entry
everywhere. We compute A2 and its witnesses by setting B = A and applying
the algorithm outlined in Section 3. By Remark 3.1, this algorithm runs in
O(n?*(logn)) time and succeeds with required probability. Now, by comparing
A and A2, we can compute the distances and shortest paths for every pair of
vertices. We should note that even if diameter is at most 2, it is not easy to
verify it quickly in the worst-case.

Case 30(logn)/n < p(n) < 104/logn/n :

Initially, we set B = A (first iteration). Then we update B = AB for at most
d iterations. Each time we compute a product, we also compute its witnesses.
We stop the procedure the first time we notice that all entries of B are 1. If this
happens after the [-th iteration, then diameter of G is [. Since diameter is at
most d, we need at most d iterations. To analyze these multiplications, we can
neither directly use the algorithm and its analysis given in Section 3 (since after
the second iteration, B ceases to be truly random) nor directly use the analysis
of Section 4 (since B is not fixed). However, by carefully estimating the number
of 1s in successive B’s and using this to decide when the multiplication algorithm
should stop, we can achieve all multiplications (without loosing correctness) in
a total time of O(n?(logn)). The details are given below.

For a pair ¢, j such that b; ; becomes 1 for the first time in the [-th iteration,
we record the product witness (for this pair in this iteration) as the witness for
a shortest path between 7 and j. We also record that d(i,j) = . Thus, we can
not only correctly compute the diameter, but also compute the shortest paths
(through witnesses) between all pairs in G. The following lemma helps us in
tightly bounding the running time. Its proof is provided in the full version of the

paper.

Lemma 1. With probability > 1 —n~=*, for some L(1 < L < d — 3) and some
s =0,1,2, the following hold: For all i € V, (i) np_1(i) < 1/(plogn) < nr(i)
andnrg_1(3) = o(ng(i)); (ii) nrys—1() < 5(logn)/p < npys(i) andnpys_1(i) =
o(nr+s(2)); (iii) every vertexr not in Npys(i) will be adjacent to at least one
vertex of the first 4(logn)/p vertices of Np44(i) — Np4s-1(7).

By Fact 5.1, after the [-th iteration, the set of 1sin B, ; and B; . is precisely N;(i).
So we perform B = AB till n;(i) > 5(logn)/p for all i. This will happen exactly

* The diagonal entries of A are not random, but our algorithms for random BMM,
BMWP work even if the diagonal entries are not random.
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after the (L + s)-th iteration by Lemma 5.1. It means #ill (L + s)-th iteration, we
have |B;| < 5(logn)/p. Similarly, ¢ill L-th iteration, we have |B;| < 1/p(logn).
Till L-th iteration, we compute B = AB by scanning (for each j) the O(np) 1s in
A, i for each k such that by ; = 1 and there are at most 1/p(logn) such k’s. The
total running time for iterations numbered 1, ..., Lis O(n?L+nL-np/p(logn)) =
O(n?*(logn)). For iterations, L+1, ..., L+s, we multiply in the same way taking
O(n?s +ns - np(logn)/p). Since s < 2, we get this time to be O(n?(logn)). For
the (L + s+ 1)-th iteration, we consider only the first 5(logn)/p non-zero entries
in each column of B, for computing AB. By Lemma 5.1(iii), this will be the last
iteration taking O(n?(logn)) time. So the total time taken is O(n?(logn)) and
success probability is 1 — O(n™2).

The proof of diameter (given in Section 6) extends to random digraphs also.
Hence the algorithm outlined in this section can be used to compute the diameter
of random digraphs also. We formally state the algorithmic results obtained in
Sections 3,4 and 5 below.

Theorem 1. Let A and B be two boolean matrices. Let G be a random
graph/digraph in which each possible edge/arc is chosen with probability p. The
following hold.

1. If A and B are both random, then their product and its witnesses can be
computed in O(n*(logn)) time with probability at least 1 — O(n™3).

2. If one of A and B is random and the other is arbitrary but fized, then their
product and its witnesses can be computed in O(n?(logn)) time with proba-
bility at least 1 — O(n™3).

3. The diameter of G, distances and shortest paths between all pairs can be
computed in O(n?(logn)) time. The failure probability is O(n™3).

6 diam(G(n,p)) < (logn)/(loglogn), p > 30(logn)/n

Diameter of random graphs have been studied before [7,12]. But these results
only state that for certain ranges of p(n), the diameter is sharply concentrated
in a few values. But, what we need is a bound on the diameter for a broader
range of p(n) so that we can bound the running time. Also these results do not
seem to have the required rate of convergence of the failure probability. But we
need a guaranteed failure probability of at most n~! so that we can get faster
(on the average) algorithms. Hassin and Zemel [11] mention a bound of O(logn)
on the diameter. We prove a stronger bound of logn/loglogn in the following
theorem. The proof uses Janson inequalities. Note that the theorem is actually
a stronger statement than specifying an upper bound on the diameter.

Theorem 2. Let G(n,p) be a random graph/digraph on n vertices obtained by
choosing each edge/arc with probability p > 30(logn)/n. Then, with probability
at least 1 —O(n™3), there is a d-path (d = (logn)/(loglogn)) in G between every
pair of vertices.
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Proof. We prove only for random graphs. For random digraphs, the argu-
ments are similar. Write p = w/n for simplifying the calculations. We have
w > 30(logn).® Fix two vertices u and v in V. For d = (logn)/(loglogn), let
Py,...,P,,m=(n-2)...(n—d), be the collection of all possible d-paths (paths
of length d) between u and v in G. For each i, let B; be the event that P; is
present in G. Also, let ng(u,v) denote the number of d-paths between v and v
in G. We have

p= Bna(u,0) = (n—2)... (n— d)(w/d)" = (w/n)[L+o(L)]

Since w > 30(logn), we have u = w(1).

We use Generalized-Janson-Inequality (GJI) [4, Chapter 8] to prove that
Pr(there is no d-path between u and v) = O(n°). This proves the required
bound on the diameter. The inequality is used as follows. For any i # j, 1 <
i, < m, we write ¢Sj if the paths P; and P; share at least one edge in common.
For any i, define A; = ZMSi Pr(B; A B;). Define A = Zlgigm A;. Let € =
Pr(B;) = (w/n)? = o(1). GJI states that if A > u(1 — €), then Pr(B; does not
hold for all i) < e=#*(1=9/24 We can verify that A > p.

Thus if we can prove that A < 3u?/w, it implies that Pr(A; B;) < e=5(087) =
O(n=3).

Fix an ¢ and let P; be the path (u,u,...,us—1,v). Consider any j such that
iSj. Then P; shares at least one vertex (other than v and v) and at least one
edge in common with P;. Let v(i,j),e(i,j) denote respectively the number of
common vertices (excluding u and v) and the number of common edges shared
by P; and P;.

Let J; = {j : jSi}. Partition J; = J? U J} where J) = {j € J; : v(i,j) =
e(i,j)} and J} = {j € J; : v(i,j) > e(i,j) + 1}. Clearly, we can not have
v(i,j) < e(i, 7). Further partition

= J ) where J)(l.) ={j € J? : e(i,j) =l }.
1<l <d—1

J=UJ ) where Ji(l.) ={j€ J} :e(i,j) =1.}.
1<l <d—1

Note that e(i, j) always lies between 1 and d — 1.
Clearly, for any j € J;, we have Pr(B; A B;) = (w/n)?¢=¢(:)) . Hence for any
le,
> Pr(BiABj) = (w/n)* 7| I} (L)) (1)
jeJie)

Since v(i,j) > e(i,j) + 1 for each j € J}, we have |J}(lo)] < (nd=te=2)(d").
In this expression, d** bounds the number of different subsets of P; of size I,.

® We also assume that w < n(log log n)/(log n). Otherwise, any two vertices in V share
a common neighbor with probability > 1 — O(n~?) and hence diam(G) < 2.
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Having fixed such a subset, n¢~!<=2 bounds the number of js that can be in
J}(l.). Using this in (1), we get

> Pr(B;AB)) < (w/n)**le - pdTle2 gl
jeJL(le)

< (w/n)%u/n, sinced < w (2)

Hence

Z Z Pr(B; A B;) | < (w/n)%du/n < (w/n)u/w (3)

le JeT(Le)

Now we turn our attention to J?. For any j € J?(l.), note that P; N P; should
be the union of first I, edges and the last I edges on P; for some I + 1 = I..
Otherwise, we can not have v(i,j) = e(i, j). For a given ., there are only [, + 1
such possibilities. Also, for a given subset of size I,, there are at most n?—le—!
such js that can be in J?(l.). Using these, we get for each [, > 1,

> Pr(BiABj) < (w/n)**e - nd7lemt (1, 4 1)
J€IO(.)

< (w/n)?u(le + 1) /w'

Hence Z Pr(B; A Bj) < (w/n)%p (Z(le + 1)/wle> (4)

jeJ? le

Now using the fact I, < d — 1 = o(w), we deduce that -, (I + 1)/w' < 2/w
ignoring the [1 + o(1)] factor. Combining (3) and (4), we get A; < (w/n)%3u/w.
Hence A =Y, A; < 3p?/w.

7 Conclusions

In this paper, we introduced an alternative approach to boolean matrix multi-
plication and showed that it leads to almost optimal (on the average) combina-
torial algorithms for solving BMM, BM WP problems, computing the diameter,
all-pairs-shortest-paths in a graph/digraph. The constant 30 stated in Theorem
6.1 can be decreased to 18 with a corresponding increase in failure probability
to O(n™1). It may be possible to bring it below 18. Some interesting questions
these results lead to are given below :

1. Does there exist an implementation of the A-columns-B-rows approach which finds
witnesses in o(n*) time (randomized or deterministic) in the worst-case 7 Or more
generally, is it possible to maintain a collection of subsets of a universe so that we
can compute their intersections efficiently.

2. In Section 4, can the requirement that B is fixed be removed ? In other words, can
one design a fast algorithm for witnesses when A is random and B is arbitrary.
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3. Can we remove the logn factor from the algorithms of Sections 3 and 4 ?
4. Can all-pairs-shortest-paths problem be solved in O(n®~¢) time without using ma-
trix multiplication ?

Acknowledgement : The second author thanks Volker Priebe for bringing to
his attention the work of the first author and also the work of [11].
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Abstract. We study the power of randomization in the design of on-
line graph coloring algorithms. No specific network topology for which
randomized online algorithms perform substantially better than deter-
ministic algorithms is known until now. We present randomized lower
bounds for online coloring of some well studied network topologies.

We show that no randomized algorithm for online coloring of interval
graphs achieves a competitive ratio strictly better than the best known
deterministic algorithm [KT81].

We also present a first lower bound on the competitive ratio of random-
ized algorithms for path coloring on tree networks, then answering an
open question posed in [BEY98]. We prove an 2(log A) lower bound for
trees of diameter A = O(logn) that compares with the known O(A)-
competitive deterministic algorithm for the problem, then still leaving
open the question if randomization helps for this specific topology.

1 Introduction

In this paper we present randomized lower bounds for a class of online graph
coloring problems. The input instance to an online graph coloring problem is
a sequence o = {vi,...,v|s|} of vertices of a graph. The algorithm must color
the vertices of the graph following the order of the sequence. When the color is
assigned to vertex v;, the algorithm can only see the graph induced by vertices
{v1,...,v;}. The goal of a graph coloring algorithm is to use as few colors as
possible under the constraint that adjacent vertices receive different colors.
Online graph coloring problems have been studied by several authors
[KT91,HS92,1.ST89,Vis90]. The study of online graph coloring has actually been
started even before the notion of competitive analysis of online algorithms was
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introduced [ST85]. Kierstead and Trotter [KT81] in 1981 considered the on-
line coloring problem for interval graphs. Every vertex of an interval graph is
associated with an interval of the line. Two vertices are adjacent if the two cor-
responding intervals are intersecting. Since interval graphs are perfect graphs
[Gol80], they have chromatic number y equal to the maximum clique size w, i.e.
the maximum number of intervals overlapping at the same point of the line.

In [KT81] it is a presented a deterministic online algorithm that colors an
interval graph of chromatic number w with 3w — 2 colors. They also prove that
the 3w —2 bound is tight: for every deterministic algorithm there exists an input
sequence where the algorithm uses at least 3w — 2 colors.

The online interval graph coloring problem has a natural extension to trees.
Every vertex of the graph, called the intersection graph, is in this case associated
with a path on a tree network. Two vertices are adjacent in the graph if the
two corresponding paths are intersecting. This problem has recently received
a growing attention due to its application to wavelength assignment in optical
networks [RU94,BL97,GSR96].

Several authors show an O(A) competitive deterministic algorithm for the
problem of coloring online paths on a tree network (see for instance
[BL97,GSR96]), where A is the diameter of the graph. Bartal and Leonardi
[BL97] also show an almost matching 2(A/log A) deterministic lower bound
on a tree of diameter A = O(logn), where n is the number of vertices of the
graph.

In this paper we present the first randomized lower bounds on the competi-
tive ratio of randomized algorithms for online interval graph coloring and online
coloring of paths on tree networks.

Randomized algorithms for online problems [BDBK*90] have often been
proved to achieve competitive ratios that are strictly better than deterministic
online algorithms. The competitive ratio of a randomized algorithm against an
oblivious adversary is defined as the maximum over all the input sequences of
the ratio between the expected online cost and the optimal offline cost. The
input sequence for a given algorithm is generated by the oblivious adversary
without knowledge of the random choices of the algorithm.

However, for no network topology it is known a randomized online coloring
algorithm that achieves a substantially better competitive ratio that the best
deterministic algorithm for the problem. The first result we present in the paper
is also along this direction.

We present the first randomized lower bound, up to our best knowledge, for
online coloring of interval graphs. We show that any randomized algorithm uses
an expected number of colors equal to 3w — 2 — o(1/w) for an interval graph
of maximum clique size equal to w, thus proving that randomization does not
basically improve upon the best deterministic algorithm of [KT81].

Our second result is the first randomized (2(log A) lower bound for online
coloring of paths on a tree network of diameter A = O(logn), then answering an
open question of Borodin and El-Yaniv [BEY98]. There is still a substantial gap
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between the presented lower bound and the O(A) deterministic upper bound
known for the problem [BL97,GSR96].

The current status of the online path coloring problem on trees can be com-
pared with the known results for the dual problem of selecting online a maximum
number of edge-disjoint paths on a tree network, i.e. a maximum independent
set in the corresponding intersection graph. An O(log A)-competitive random-
ized algorithm is possible for the online edge-disjoint path problem on trees
[AGLR94,LMSPR98], against an £2(A) deterministic lower bound obtained even
on a line network of diameter A = n [AAP93]. Our result still leaves open the
question if an O(log A)-competitive randomized algorithm is possible for the
online path coloring problem on tree networks.

Irani [Ira90] studies the problem of coloring online inductive graphs. A graph
is d-inductive if the vertices of the graph can be associated with numbers 1
through n in a way that each vertex is connected to at most d vertices with
higher numbers. Irani shows that any d-inductive graph can be colored online
with O(dlogn) colors and presents a matching 2(logn) deterministic lower
bound. The graph obtained from the intersection of paths on a tree network has
been independently observed to be a (2w — 1) inductive graph by [BL97] and by
Kleinberg and Molloy as reported in [BEY98]. Our lower bound for online path
coloring on trees then implies a first 2(loglogn) lower bound on the competitive
ratio of randomized algorithms for online coloring of inductive graphs.

We conclude this section mentioning the previous work on randomized online
coloring algorithms for general graphs. Vishwanathan [Vis90] gives an O(n/ logn)
competitive randomized algorithm, improving over the O(n/log* n) determinis-
tic bound of Lovédsz, Saks and Trotter [LST89]. Halldérson and Szegedy [HS92]
give an £2(n/log® n) randomized lower bound for the problem. Bartal Fiat and
Leonardi [BFL96] study the model in which a graph G is known in advance to
the online algorithm. The sequence o may contain only a subset of the vertices
of GG. The algorithm must color the subgraph of G induced by the vertices of
o. The authors show that even under this model an 2(n¢) randomized lower
bound, for a fixed € > 0, is possible.

The paper is structured as follows. Section 2 presents the lower bound on
online coloring of interval graphs. Section 3 presents the lower bound for path
coloring on tree networks. Conclusions and open problems are in Section 4.

2 A lower bound for online interval graph col-
oring

In this section we present a lower bound on the competitive ratio of randomized
algorithms for online interval graph coloring.

The input instance to the online interval graph coloring problem is given
by a sequence of intervals on a line graph. Every interval is denoted by two
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endpoints of the line. The algorithm must color the intervals one by one, in the
order in which they appear in the sequence. The goal is to use as few colors as
possible under the constraint that any two overlapping intervals are assigned
with different colors.

The competitive ratio of an online algorithm for the interval graph color-
ing problem is given by the maximum over all the input sequences of the ratio
between the expected number of colors used by the algorithm and the chro-
matic number of the interval graph, i.e. the maximum number of intervals w
overlapping at the same point of the line.

A lower bound for randomized algorithms against an oblivious adversary is
established using the application of Yao’s Lemma [Yao77] to online algorithms
[BEY98,BFL96]. A lower bound over the competitive ratio of randomized al-
gorithms is obtained proving a lower bound on the competitive ratio of deter-
ministic online algorithms for a specific probability distribution over the input
sequences for the problem.

We first give some notation. We will denote by P, the specific probability
distribution over input sequences with chromatic number w we use to prove the
lower bound. Probability distribution P, will be described by a set of input
sequences with chromatic number w, with every input sequence presented with
equal probability.

We denote by o € P the generic input sequence of probability distribution
P. Input instance o is formed by a sequence of intervals {1y, ...., || }.

Probability distributions P and @ are said independent if for any I' C 0! €
P, I? C 0% € @, I' and I? are disjoint intervals. The set of sequences of
probability distribution P U @ is obtained by the concatenation of every input
sequence of P with every input sequence of Q.

2.1 The probability distribution

The probability distribution P, used for proving the lower bound is defined

recursively. We will resort to a pictorial help to describe the sequence.
Probability distribution P; is formed by a single input sequence containing

a single interval. P, is the union of \ independent probability distributions

P, U e U P, as described in Figure 1. The value of A will be fixed later.

P is obtained from four independent distributions PX ,, P2 ,,P3 | P* .

The set of input sequences of Fi is obtained by the concatenation of every input
sequence of P1_, UP2_, UP3_, UP}_, with every of 10 distinct subsequences
Ti,....,Tho, called configurations, of at most 4 intervals as described in Figure 2.
The intervals of every of the 10 different configurations are numbered in Figure
2 following the order in which they appear in the sequence. Every probability
distribution P! | is generated applying the present definition for w — 1.
Observe that every input sequence of P, has chromatic number w. This can
easily be seen with an inductive argument. Probability distribution P; contains
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a single sequence with chromatic number 1. By induction every input sequence
from P! ,,i=1,..,4, has chromatic number w — 1. Every input sequence o €
Pl_,UP2_,UP3_,UP!_, has also chromatic number w —1. One can check from
Figure 2 that the concatenation of o with every of the 10 configurations increases
the chromatic number by 1. Since P, is the union of A independent probability

P | —X )
distributions P, ...., P,,, every sequence of P, has chromatic number w.

1 2 | |p3 4
— Y

P, Py

P,

Figure 1. The definition of the probability distribution.

2.2 The proof of the lower bound

The proof of the lower bound is based on the following lemma:

Lemma 1. Any deterministic online algorithm uses at least 3w — 2 colors with
probability at least 1 — e © on an input sequence drawn from probability distri-
bution P, if X > %.

From the above lemma, choosing constant ¢ large enough, say ¢ = In3w?,
we obtain the following Theorem:

Theorem 1. For any randomized algorithm for online interval graph coloring,
there exists a input sequence of chromatic number w where the expected number
of colors used by the algorithm is at least 3w — 2 — o(1/w).

The remaining part of this section is then devoted to the proof of Lemma 1.
The proof is by induction.

The claim of Lemma 1 holds for w = 1, since a deterministic algorithm uses
one color for the sequence from probability distribution P; containing one single
interval. Assume the claim holds for a probability distribution P, i, i.e. with
probability at least 1 — e~ ¢, the deterministic algorithm uses 3(w — 1) — 2 colors
for an input sequence drawn from a probability distribution P, _;.

As an intermediate step of the proof we will prove a claim that holds for any
probability distribution P, j = 1,..,A. We denote in the following by P, the

generic probability distribution P”,.
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Ty T2
Ig I3
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N S I B
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I3 I3
Iz I I1 Iz
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Iy Iy
Tg T10
Iy
Iz I;

Figure 2. The 10 configurations used to form the probability distribution.

Lemma 2. Consider a probability distribution P,. Assume the deterministic
algorithm uses at least 3(w — 1) — 2 colors for every input sequence o' drawn
from probability distribution P |, i = 1,...,4. With probability at least 1/10,
the deterministic algorithm uses at least 3w — 2 colors for an input sequence
drawn from probability distribution P.,.

Proof. Denote by C' the set of colors used for a generic input sequence o*
drawn from probability distribution P!_,, and C, 1 = U, C*. Let C,, be the
set of colors used for an input sequence from probability distribution P,. We
will prove that |C,,| > 3w — 2 with probability at least 1/10.

We distinguish four cases on the basis of value ¢ = |U_; C%| — (3(w —1) —2),
the number of colors exceeding 3(w — 1) — 2 used by the algorithm for the four
sequences o', i = 1,...,4. We will separately consider the cases of ¢ = 0, 1,2 and
c>3.
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c¢=0. In this case the deterministic algorithm uses the same set of colors
for every sequence o', ¢ = 1,..,4. The new intervals presented in any of
the 10 configurations must be assigned with colors not in C,_;. With
probability 2/5, one of configurations T3, T, T3 or Ty is presented. In all
these configurations, one among intervals I; and I> that contains all the
intervals of 0%, the other all the intervals of o'. We furtherly distinguish
two cases: a.) Intervals I' and I? have assigned the same color, say c;; b.)
Intervals I' and I? have assigned different colors, say ¢; and cs.

a. With probability 1/2, the sequence is completed by intervals I* and
I* of configuration T; or T5. Interval I* must be assigned with a color
different from c1, say c», since it is overlapping interval I'. Interval I®
must be assigned with a color different from c; and ¢z, say cs, since
it is overlapping intervals Iy and I>. Then, with probability 1/5, 3
more colors are used, and the claim is proved.

b. In this case, with probability 1/2, the sequence is completed by interval
I of configuration T3 or Tj. Interval I°® is assigned with a color
different from c¢; and cs, say cs, since it overlaps with both intervals
I' and I?. Also in this case, with probability 1/5, 3 more colors are
used, thus proving the claim.

c=1. We prove that with probability at least 1/10, 2 colors not in C,_; are
used by the deterministic algorithm. The difficulty of this case is given to
the fact that a sequence o’ may use only a subset of colors of C,, ;. A
color of C,_; not used for an interval of a sequence o may be “re-used”
for an interval overlapping the intervals of sequence .

However, since any C? contains at least |C,, ;| — 1 colors, we can make
use of the following simple fact:

Claim. For any two sequences o%,07, i # j, if C* # C7 then C*'UC7 =
Co_1.

The proof separately considers 4 different cases distinguished on the basis
of the maximum cardinality s of a subset of {o!,02,0°,0*}, formed by
sequences assigned with same set of colors, that is every color is either
assigned to an interval of all the sequences of the subset, or not assigned at
all to an interval of any sequence of the subset. We have four different cases,
for s = 1,2,3,4. (Every subcase also includes its symmetric, obtained by

replacing o! with o* and o2 with o3.)

s=1. In this case, for every two sequences have assigned a different set of
colors. Then, we have C' U(C? = C® U C* = C,,_,. With probability
1/10 configuration Ty is given. Interval I; is assigned with a color
¢ ¢ C,_1, since for any color of C,,_1, interval I; overlaps an interval
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assigned with that color. For the same reason, a color ¢z ¢ C,_1 is
assigned to I>. Color ¢ must be distinct from c¢; since interval I
intersects interval I;. The claim is then proved.

s=2. The case in which at most two sequences are assigned with same
set of colors is broken in three subcases: A.) ¢! and o* or 02 and o3
are assigned with same set of colors; B.) Both ¢! and 02 and 0® and
ot are assigned with same set of colors; C.) o and o? are assigned
with different set of colors, while ¢® and o* are assigned with same

set of colors.

A.) Since s = 2, we have C! # C? and C® # C*. The same argument
of s=1 applies here to prove the claim.

B.) In this case we know that C* = C? # C3 = (C'*. With probability

2/5, corresponding to configurations T, T3, Ts and T7, interval
I, includes all the intervals of o*. Assume I; is assigned with a
color ¢; ¢ C,_1. With probability 1/4 configuration 77 is given.
For every color of C? U C?® = C,,_1, interval I, of configuration
T overlaps an interval assigned with that color. Since interval I,
intersects Iy, it is assigned with a color ¢z ¢ C,_1 distinct from
c1, then proving the claim.
Otherwise, consider the case in which interval I; of configura-
tion T1, T3, Ts or 1% is assigned with a color of C,_1, say cf.
With probability 1/2, corresponding to configurations 77 and T3,
interval I» includes sequence o!. Consider the case in which I»
is assigned with a color ¢; ¢ C,,_;. With probability 1/2, corre-
sponding to the selection of configuration T3, interval I3 overlaps
all the intervals of 02 and 2. For every color of C2UC® = C,, 1,
interval I3 overlaps an interval assigned with that color. I3 also
intersects interval I assigned with a color ¢; ¢ C,,_1. Interval I3
is then assigned with a color ¢ ¢ C,,_1 thus proving the claim.
We are left to consider the case of I; and I both assigned with a
color of C,,_1, say ¢ and c§. With probability 1/2, corresponding
to configuration T}, interval I3 includes sequence o2 and inter-
val I includes sequence o3. Since C1 = C? and C° = C*, we
have C2Uc§ = Cy,—1 and C3Uc§ = C,_;. Interval I3 that over-
laps 02 and intersects interval Ir, must be assigned with a color
c1 ¢ C,_1. Interval Iy, that includes sequence o3, and intersects
interval I; and I3, must be assigned with a color ¢2 ¢ C,_1,
distinct from c;. The claim is then proved.

C.) In this case C! # C? and C® = C*. Since s = 2, C* # C? and
C? # (3. With probability 2/5, corresponding to configurations
Ty, T3, Ts or Ty, interval I; that includes sequence o* is pre-
sented. Consider the case in which interval I; is assigned with a
color ¢; ¢ C,,_1. With probability 1/4, corresponding to config-
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uration T+, interval I, that includes ¢!, 0% and o3, is presented.
For any color of C,,_1, I5 includes an interval assigned with that
color, and intersects interval I; assigned with color c;. I5 is thus
assigned with a color ¢y ¢ C,_ different from c;, thus proving
the claim.

We finally consider the case of I; assigned with a color ¢{ € C\,_1.
With probability 1/4 configuration Ty is presented. Interval I
overlaps sequences ¢! and ¢2. Since C* UC? = C_1, I is as-
signed with a new color, say c;. Since C® = C*, C®Uc) = C, ;.
For every color of C3, interval I3 overlaps an interval of o as-
signed with that color. I3 also intersects I; assigned with color
¢ and I assigned with color c;. Interval I3 is then assigned with
a color ¢z ¢ C,,_1, thus proving the claim.

s=3 If C® = C*, we have that either C* = C® or C? = C®, but C! # C?.
Under these assumptions, the same argument used in case C.) of s=2
allows to prove the claim.

s=4 In case C!' = C? = C® = C*, all the sequences are assigned with
same set of colors. The same analysis of case ¢ = 0 allows to prove
the claim.

c¢=2. In this case |C,_1| = 3w — 3. To prove the claim, a new color must be
used with probability at least 1/10. With probability 1/10, configuration
Tio is presented. For any color of C,_;, interval I; overlaps an interval
assigned with that color. I; is thus assigned with a new color ¢; ¢ C\,,_1.

¢>3. In this case |Cy_1| > 3w — 2, the claim is then proved.

We finally present the proof of Lemma 1. Let p(w) be the probability that a
deterministic algorithm uses 3w — 2 colors on an input sequence from probability
distribution P,,. Consider a probability distribution Fi formed by probability
distributions P!_,, i = 1,..,4. By induction, we assume that the algorithm uses
at least 3(w — 1) — 2 colors with probability p(w — 1) > (1 — e °) on an input
sequence o’ drawn from probability distribution P: .

With probability p(w—1)*%, a deterministic algorithm uses at least 3(w—1)—2
colors for all the input sequences o* drawn from probability distributions P? ,,
i = 1,..,4. With probability p(w — 1)* we are then under the assumptions of
Lemma 2. We obtain from Lemma 2 that with probability at least 11—0 plw —1)%,

the algorithm uses at least 3w — 2 colors for an input sequence from ﬁi, j=
1,.., .

Since all the ﬁi, that form P, are mutually independent, the probability that
a deterministic algorithm uses less than 3w — 2 colors on all the input sequences
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drawn from probability distributions FZ, is then upper bounded by

A (1—e—c)%

1 A 1
1——pw—-1D* <[1-—=@1-e* ~e?
[ P )] _[ G-e™)t| et

If A > %, the given expression has value less than e~°.
We have then proved that with probability at least (1 —e~°), a deterministic
algorithm uses at least 3w—2 colors for a sequence from a probability distribution

Fﬁ,, thus implying the claim of Lemma 1.

3 A lower bound for online path coloring on
trees

We prove that any randomized algorithm for online path coloring on trees of
diameter A = O(logn) has competitive ratio 2(log A).

We establish the lower bound using Yao’s Lemma [Yao77]. We prove a lower
bound on the competitive ratio of any deterministic algorithm for a given prob-
ability distribution on the input sequences for the problem.

The tree network we use for generating the input sequence is a complete
binary tree of L > 4 levels. The root of the tree is at level 0, the leaves of the
tree are at level L—1. The 2 vertices of level  are denoted by rt, j = 0,...,2' —1.
The direct ancestor of vertex u is denoted by p(u). We will indicate by [a, b] the
path in the tree from vertex a to vertex b.

The input sequence for the lower bound is generated in p = £2(log L) stages.
We will prove that at stage ¢ = 0.., p, with high probability, the number of colors
used by deterministic algorithm is 7. An optimal algorithm is shown to be able
to color all the paths of the sequence with only 2 colors, thus proving the lower
bound.

At stage ¢ of the input sequence, we concentrate on a specific level I; =
li 1 —[(3'log ﬁ +ilogp +log4logn)]| of the tree, with lp = L — 1. It turns

i

1—1
subtree rooted at evergr vertex of level [;. To simplify notation, the jth vertex
of level [;, r;-i, is denoted by 7.

We define at stage i a set of pairs Z; = {(uj-,v;-),j =0,...,2% — 1}, where
iV
Set, of pairs Zo = {(r9,79),j = 1,...,2% — 1} is composed by one degenerated
pair for every leaf of the tree.
The set of pairs at stage i is formed selecting at random for every vertex r

3 .
out that at least ( L ) 4p*logn vertices of level [;_; are contained in the

U are two leaves of the subtree rooted at vertex 7’; of level [;.

i
X 3’
two pairs of stage 7 — 1 in the subtree rooted at rj. The pair associated with
vertex r§ is formed by the two second vertices of the two selected pairs. More

formally:
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1. For every vertex r% of level [;, j =0,...,2" — 1:

Select uniformly at random two vertices erl,rZQl of level [;_; in the
j J
subtree rooted at vertex r%. Let (u;l,vlgl), (u;c;l,v]’cgl) € Z;_1 be
J J J J
the two pairs associated with vertices rZTl and r,’f;l.
j i

2.7 = {(vj; L, vj2") 1 5 =0,...,2% — 1} is the set of pairs at stage i.
J J

The input sequence at stage 7 is formed for every pair r§ of Z;, by a path
from the first vertex of the pair to the direct ancestor of vertex r?:

P; = {[u;,p(r;)] cj=1,..,2% — 1}

We prove in the following that any optimal algorithm serves the input se-
quence with two colors. We first observe:

Lemma 3. Every edge of the tree is included in at most two paths of U;>0Z;.

Proof. For every vertex r;'-, for every stage i, denote by E]’ the set of edges in
the subtree rooted at r; with endpoints between level /;_; — 1 and level /;, plus
the edge (r%,p(r?)). (For a leaf vertex r¥, EY includes the only edge (r9,p(r))).
Since all the paths of the input sequence are directed from a leaf vertex to one
of its ancestors in the tree, it is sufficient to prove separately for every rj- that
every edge of E7 is included in at most 2 paths of the input sequence.

Edges of E} are not included in any path Py, i’ < i. Every leaf vertex is the
endpoint of at most one path of the sequence. By the construction of the input
sequence, vertices u; and v; are the only leaf vertices in the subtree rooted at
r; that may be endpoints of paths in a set Z;, ¢’ > 7. The claim is then proved.
|

The following lemma bounds the size of the optimal solution.

Lemma 4. The optimal number of colors for any input instance from the prob-
ability distribution is 2.

Proof. We prove the claim for any input instance on a binary tree with: (i.)
Every path of the input instance directed from a leaf to an ancestor of the leaf;
(ii.) Every edge of the tree included in at most two paths. The claim is proved
showing a coloring of all the paths of the input sequence that uses only two
colors. We proceed from the top to the bottom of the tree. Consider an internal
vertex v (initially the root), and let v; and ve be the two children of v. Consider
edge (v1,v). (A similar argument holds for edge (v2,v)).

If no path of the input sequence includes both (vy,v) and (v, p(v)) (assume
this is the case if v is the root), edge (v1,v) is crossed by at most 2 paths, say
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p1 and po, that end at v. Paths p; and p; are assigned with the two available
colors. If only one path, say p1, includes both (vi,v) and (v,p(v)), there is at
most one path, say ps, including edge (v1,v) that ends at v. Path p is assigned
with the color not given to p;. If there are two paths, p; and ps, including both
(v1,v) and (v, p(v)), these have already received colors. The coloring procedure
then moves to consider vertex v;. H

In the reminder of the section we show that the expected number of colors
used by any deterministic online algorithm is £2(log L), thus implying the lower
bound.

The following lemma will be used to prove our result.

Lemma 5. For every pair (u?,v;:) € Z;, path [vé,p(r?)] intersects a single path
in every set Pj, j < 1.

Proof. We prove the claim by induction on the number of stages. The claim
is true for pairs of stage 0. Path [v},p(r})] is formed by the union of paths

[wiz', p(riz)] and [p(ri,), p(ri)].

If the claim holds at stage i — 1, path [vzgl,p(rfcz_)] intersects one single path
for every Pj, j <i—1. ’

Path [p(r}.), p(r)] includes only edges of level lower than I; ; — 1. Since
no path of a set P;, j < ¢ — 1, includes edges of level lower than I;_, — 1,
path [u},p(r})] can intersect only paths of level P;. It certainly intersects path
[uf, p(r)] € P; on edge (r;,p(r;)) This is also the single path of P; in the
subtree rooted at vertex rj, thus showing the claim. ®

We introduce some more notation. Given a pair (u;,v;) € I;, let CJ’: =
{co,....,c;} be a set of i + 1 colors. Color ¢; is defined to be the color assigned
to the single path of P; intersecting [v%, p(r})].

Pair (u},v}) is a good pair if C} is formed by i + 1 distinct colors. We denote
by p’ the probability that pair r% is a good pair. We will prove that with high
probability, for any stage i = 0, .., p, there exists at least one good pair of level
i. The existence of a good pair of level i gives the evidence that at least ¢ + 1
colors have been used by the deterministic algorithm, thus proving the claim.

The following claim gives a sufficient condition for a pair of level ¢ to be a
good pair.

Lemma 6. Pair (u, v}

. -1 i—1 =1 =1y | g il i—1
two good pairs (uy; , vy, ), (up> ,v,2 ) with Cpy = Cl5 .
2 2 J 2 J 2

) € Z; of level i is a good pair if obtained from selecting

i—1
ko
i

single path assigned with color c. Path [uf, p(r%)] is then assigned with a color

Proof. For every color ¢ € C by Lemma 5, path [ué,p(r?)] intersects a

ci ¢ Ci;l. For every color ¢ € Cé]?l = Cz? path [v;'-,p(r;'-)] intersects a path
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assigned with color c. Path [fu;, p(r )] also intersects path [u J,p(r§)] assigned
with color ¢; on edge (r%,p(r%)). Palr (u%,v?) is then a good pair with set of
colors Cé;l U{c} m

The following lemma bounds the probability that a pair is a good pair:

gi+1

: ) 1
Lemma 7. For every pair r; of level l;, p; > (l p")

Proof. The proof is by induction on the number of stages. The claim is true
for i = 0. Assume it is true for any pair of Z; ;.
Pair (uj,v]) € Z; of level i is obtained by selecting two good pairs i; =
(uzll, 1’611) iz = (u 221, 1’621) with colors C7 = Cé?l and Cs = Ci;l
J 2

By Lemma 6, the probability that (u;, v;) is a good pair is:

pé- > Pr[ i1 is a good pair] x Pr[ is is a good pair]
x Pr[ C; = Oy | i; and iy are good pairs].

The probabilities that i; and i» are good pairs are denoted in the following

by pi~" and pi~". By the inductive hypothesis, pi~*,pi~" > (1 p ) '

We are left to determine Pr[ C; = C5 | i1 and is are good pairs].

The event “ C; = C> | i1 and iz are good pairs” contains the event “ there
exist two good pairs 41,13, with Cy = Cs in the subtree rooted at rj-” N “the
two selected good pairs 41,2 have C; = Cy”.

Since the deterministic algorithm uses at most p colors, there are at most
W < p* distinct possible set of colors for a good pair at stage ¢ — 1. The
probability that there are at least two good pairs with same set of color is then
lower bounded by the probability that there are at least p* + 1 good pairs of
level i —1 in the subtree rooted at r}. Such bound is established by the following
claim:

Lemma 8. The probability that there are at least p' + 1 good pairs at stage

1 — Llin the subtree rooted at a vertex r§ is at least 1 — %

Proof. To establish the claim, we use Chernoff’s bounds. We associate to

every of at least (#)3 4p'logn pairs of level i — 1 in the subtree rooted at
7' a {0,1} random variable X;. We indicate with X, = 1 that pair (u}, *,v} ')
1s good pair, X = 0 otherwise. Random variables X} are 1ndependent This
follows from the following fact. Consider any two pairs of level ¢ — 1 in the
subtree rooted at rj-, associated with vertices ri™' and ri~!. Vertices ri™' and
7’; 1 are the roots of two different subtrees, and all the paths presented until
stage i — 1 with edges in the subtree rooted at ri are colored independently from
the paths presented until stage i — 1 with edges in the subtree rooted at r.
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Random variable X has value 1 with probability pfjl, value 0 with proba-
bility 1 — pj".
Under these conditions, we can use Chernoff’s bounds to estimate Pr[z <
pi+1]: Let ¢ =, Xy, p= E[z] = X 5_, pi %, 6 € (0,1]:
Prjz < (1 =96)u] < e(—10*/2),

A lower bound over the expected number of good pairs at level i — 1 in the
subtree rooted at r§ is

Pl 2= (1)

31’

3
(1p1> 4p'logn = 4p*logn,
n

obtained multiplying the number of pairs at level ¢ — 1 in the subtree rooted
at r; times a lower bound over the probability that a pair of level 1 — 1 is a
good pair. The following expression is easily obtained from the expression of

Chernoff’s bounds:

Prlz < (1 — 8)f] < Prfz < (1 — 8)p] < e7#9/2) < o(-10°/2),

Setting § = 1 — we obtain:

1
4logn
i i I 1
Pr[z < p* + 1] < exp(—2p'logn(l - ——)*) < —.
logn n
Since L > 4, the claim follows from n > 15. W
We have shown that with probability at least (1 — L) there exist two good
pairs i1, i2 with colors C; = Cs = C. The two selected pairs of lgvel i — 1 are
chosen at random between all the pairs in the subtree rooted at ;. Since there

are at most p’ distinct possible set of colors for a good pair of level i — 1, the
probability that two good pairs have assigned the same set of colors C' is at least

(%)

1
It then follows that Pr[ C; = Cs | i; and iy are good pairs] > lpzi" .
The probability that rj- is a good pair is then bounded by
ph > p T tpiT Pr[ €y = Oy | 4y and iy are good pairs]
2 3¢ 2 3424 3it?

(5) e (50) (5
“\ »p P T\ p AN

The construction of the input sequence is repeated until stage 7 = p such

3
that |Z;| = ol > (l—%) 4p"logn. Easy computation shows p = 2(log L).
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Lemma 8 shows that under these assumptions with probability at least (1 — %),
there exist more than p” good pairs of level [,_;. Then, with probability at least
(1 —1), aset C, of p distinct colors is used by the deterministic algorithm.

Since n > 2, the expected number of colors used by any deterministic algo-
rithm is at least p/2. Lemma 4 states that the optimal solution uses two colors
on any of these input sequences. Thus, the lower bound over the competitive
ratio of randomized algorithms is given by p/4. We then conclude with the
following theorem:

Theorem 2. There exists a 2(log A) lower bound on the competitive ratio
of randomized algorithms for online path coloring on a tree of diameter A =

O(logn).

4 Conclusions

In this paper we have presented the first randomized lower bounds for online
interval graph coloring and online path coloring on tree networks. This line of re-
search is aimed to establish if there exists a specific network topology where ran-
domized online algorithms obtain substantially better competitive ratios than
deterministic algorithms.

A first open problem is to close the gap between the randomized lower bound
for online path coloring on trees and the best deterministic upper bound known
for the problem.

The lower bound for path coloring on trees is actually obtained on a 2-
colorable graph. This does not preclude the existence of an algorithm that uses
X + O(log A) colors for the problem. A second open problem, posed in [BEY9§],
is to establish a multiplicative lower bound rather than an additive lower bound,
i.e. a lower bound on a graph of arbitrary large chromatic number.
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Abstract. The Minimal Consistent Subset Selection (MCSS) problem is a
discrete optimization problem whose resolution for large scale instances
requires a prohibitive processing time. Prior algorithms addressing this problem
are presented. Randomization and approximation techniques are suitable to face
the problem, then random search and meta-heuristics are proposed and
discussed. Specifically, Tabu Search emerges as a promising technique,
consequently Tabu Search strategies are applied and evaluated. Parallel
computing helps to reduce processing time and/or produce better results;
different approaches for designing parallel tabu search are analyzed.

1 Introduction

Nearest Neighbor based decision systems used in pattern classification have the
Nearest Prototype Classifier as the simplest and most widely used classifier. Let
S={p,--.p} < R’ be a labeled data set (the reference set), with each p, € S (called a
prototype) labeled as one of the ¢ classes (when t > ¢ > 1). One-Nearest-Neighbor
rule assigns any unlabeled object in Rd to the class of its nearest prototype, according
to a specified metric in R’ (usually but not necessarily Euclidean metric) [1]. Despite
its simplicity, practical use of NPC is limited by its high computational demands in
the operational phase (when classifying unlabeled objects by using a reference set).

In order to reduce the computational demands, the goal is to design a good
prototype set of minimal cardinality that will ideally allow for the lowest possible
error rate of the classifier. There are two options: selection, when we retain a subset
(formed by S-prototypes) from the original reference set, and replacement, when
replacing the original data set by a number of labeled prototypes (referred to as R-
prototypes) that do not necessarily coincide with any original prototype [2]. Selection
techniques that find subsets SS guaranteeing zero errors when used to classify the
original reference set S are called condensation techniques, and the produced subset is
said to be consistent with S. Computational efficiency of the operational phase is
increased in a ratio given by cardinality(S) / cardinality(SS), so efforts spent in the
condensation phase are well worth in the operational phase, when real-time
constraints appear.

The aim is to design a method to find a Minimal Consistent Subset. Several papers
on the topic presented algorithms condensing or reducing the given reference set
ensuring that the selected subset is consistent with the original data set, but none of

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM’98, LNCS 1518, pp.248-259, 1998.
© Springer-Verlag Berlin Heidelberg 1998
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them realize the goal of minimal cardinality. Related algorithms tradeoff accuracy for
prototype number reduction, i.e., try to select subsets of reduced cardinality (as low as
one prototype per class) being their goal the lowest resubstitution error rate. The work
reported here is focused on consistent subset selection only. Exact algorithms to
ensure a minimal consistent subset (like Branch and Bound) requires exhaustive
search and prohibitive processing time.

From a different point of view, the Minimal Consistent Subset Selection (MCSS)
problem can be considered as a discrete optimization problem (with binary variables
set to 1 when a sample is selected and O otherwise), suitable for randomization
algorithms and meta-heuristics, as they are genetic algorithms, simulated annealing
and tabu search [3], that have shown to be successful in a wide range of problems,
resulting in good-quality solutions in reasonable times. Specifically, tabu search
techniques applied to MCSS problem solving are implemented, analyzed and
compared with results produced by other techniques.

Finally, parallel computing offers the advantage of reducing the execution time and
its use can also improve the quality of the final solution. In the literature various
approaches have been suggested for designing parallel search [4]; some of them are
implemented and evaluated in our research.

The remainder of this paper is organized as follows. Prior developments in
condensation techniques are presented in Section 2. Randomization and meta-
heuristics applied to the MCSS problem are discussed in Section 3, followed by
description of Tabu Search strategies and options for the MCSS problem solving in
Section 4. Different approaches incorporating parallelism into the search are also
discussed in Section 5. Experimental results are given in Section 6, and the last
section presents some concluding comments.

2 Selection Algorithms (Condensation Techniques)
2.1 Hart's Algorithm

One of the earliest algorithms for prototype selection was presented as the
"Condensed Nearest Neighbor Rule" [5] by Hart (named Hart's Algorithm in this
paper). The testing process in the algorithm ensures that the subset is indeed
consistent, but as admitted by the author the goal of minimal subset is not realized.
The procedure ends up with a relatively large consistent subset, being very sensitive
to the randomly picked initial selection and to the order of consideration of the data.

Hart's elegant method has been used as a basis for many subsequent modifications
that, unlike the original procedure, permitted both addition and deletion of samples to
and from the condensed subset. For instance, Gates [6] presented an algorithm where
the reduced set is derived by iteratively contracting the given set, provided for the
possibility of reinsertion of dropped samples until stability is reached. However, this
and other proposals, while obtaining smaller subset than Hart's algorithm at a higher
computational cost, do not realize the goal of minimality.

Considering the previous reasons we will retain Hart's algorithm as the fastest
method to produce consistent subsets, and we will use it later at several points in this

paper.
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2.2 Dasarathy's Algorithm

In 1994 (Hart presented his method in famous 1968) a study of Dasarathy presented
an algorithm [7] (named Dasarathy's Algorithm in this paper) for selecting an optimal
consistent subset based on his Nearest Unlike Neighbor concept [1]. His approach
claimed for benefits as compared to prior approaches, including that the derived
subset is aimed to be minimal in size.

Dasarathy's results are basically independent of the order of presentation of the
samples and hence the selected consistent subset is unique in terms of the number of
samples (the author stated that the result is unique in terms of the selected samples but
this is not absolutely true since ties may appear when identifying the most voted
sample, and the selected sample is not determined). Consistent property is guaranteed
at each iteration, then one could halt the process at a desired iteration (even before the
second one); by fact, most of the reduction is achieved at the first.

By comparing its results with those obtained with other approaches, the author
believed his method realizes the minimality goal in consistent subset selection,
without formal mathematical analysis. However counterexamples to Dasarathy's
conjecture may be provided as Kuncheva and Bezdek did in [2], when presented a 12-
element consistent subset for the popular IRIS data set (Dasarathy's algorithm finds a
15-element for IRIS). Our research also found a smaller subset (even a 11-element
one) than Dasarathy's technique.

Notwithstanding, Dasarathy's algorithm is the best known algorithm in terms of
consistent subset size and one of its main features is that samples are selected due to
its representative nature, then resulting in a negligible loss in recognition efficiency
when the full training set is replaced by the selected consistent subset in the
operational phase of testing an independent test data set. Therefore we will designate
Dasarathy's algorithm as the best classical algorithm for the MCSS problem for
further considerations.

3 Randomization and Meta-Heuristics for MCSS

Instead of designing new algorithms or modifications of the previous ones, we can
envisage our problem as the exploration of a solution space consisting of all possible
subsets of a original set, searching for a consistent subset as reduced as possible. Then
we may face the problem with random search or with guided search in the form of
meta-heuristics. We analyze the pros and cons of the different options and implement
some of them.

3.1 Random Restart Procedure

Random exploration of the space of subsets will find lot of subsets revealed
inconsistent after evaluation, wasting many efforts in unfeasible solutions. If we
constraint the solution space to consistent subsets only, we need some procedure to
randomly generate a consistent subset.

Fortunately, there is a simple method to randomly generate consistent subsets:
Hart's algorithm described in section 2.1 that with a limited effort produces relatively
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reduced subsets. Randomness in Hart's algorithm resides in the initial picked subset
and in the order of consideration of samples.

We can use a random restart procedure by using Hart's algorithm. At each restart,
we randomly pick an initial subset and we generate a random permutation of data,
then proceeding until consistency is attained. After each iteration, we retain the
current best solution. We can iterate as many times as desired or iterations may stop
when a time deadline expires.

Due to the incremental nature of Hart's algorithm (only sample additions are
considered, then subset size monotonically increases until consistency is ensured) we
can implement a kind of bounding procedure. Any iteration can be halted when the
subset size equals the size of the current best solution (no hope to improve it), then
restarting a new iteration so saving computational efforts.

Contrary to expectations and despite its naive appearance, this Restarting Hart's
algorithm incorporating bounding procedure competes surprisingly well as we will
show in the Experimental Results section.

3.2 Meta-Heuristics

We characterize our Minimal Consistent Subset Selection problem as that of
optimizing (here minimizing) an objective function f(x) subject to x € X (the solution
space). As we will discuss below, X may be constrained to consistent subsets then the
objective function is simply the subset size, or X may consists of all possible subsets
then f(x) is a linear or nonlinear function of size of subset x and number of
misclassified prototypes (number of resubstitution errors when the original data set is
submitted to subset x as Nearest Prototype Classifier).

In classical heuristic procedures, each x € X has an associated Neighborhood N(x)
and each x' € N(x) is reached from x by an operation called a Move. Applying pure
Local Search concept to MCSS problem, possible moves are sample addition and
sample deletion (set or clear binary variables reflecting i is present in the selected
subset or not). Descent methods or Steepest Descent methods proceed iteratively from
a initial solution to another (a better evaluated neighbor or the best evaluated neighbor
in Steepest Descent) until no solutions immediately accessible improve the last one
found.

The meta-heuristic term coined by Glover in 1986, refers to a master strategy that
guides and modifies other heuristics to produce solutions beyond those that are
normally generated in a quest for local optimality. The heuristics guided by a meta-
strategy may be high level procedures or may embody nothing more than a
description of available moves for transforming one solution into another, together
with an associated evaluation rule [3].

The emphasis on guidance distinguish meta-heuristics, based on a variety of
interpretations of the "intelligent search" concept, resulting in different meta-
heuristics. Simulated Annealing (SA) [8] imitate a physical process in metallurgy.
Genetic Algorithms (GA) [9] are based on the biological phenomenon of evolutionary
reproduction (GA are also referred as Evolutionary Computation). We paraphrase an
arguable comment from Glover and Laguna claiming that the trend to associate
methods with natural processes "embodies a wave of New Romanticism that [...]



252 V. Cerveron and A. Fuertes

suggest that by mimicking the rules we imagine to operate in nature we will similarly
be able to produce remarkable outcomes".

The use of Genetic Algorithms for solving the Minimal Consistent Subset
Selection problem and other related Prototype Selection problems is presented in a
recent study by Kuncheva and Bezdek [2] indicating the capacity of the technique and
good-quality results, but no reference to computational complexity or time spent (in
their Experimental Result section they only stated 500 iterations are executed).

Tabu Search is an "artificial" meta-heuristic based on selected concepts that unite
the fields of artificial intelligence and optimization. The method is based on
procedures designed to cross boundaries of feasibility or local optimality. One of its
main components is the use of adaptive memory, which create a more flexible search
behavior [3][10].

The kind of neighborhood exploration and the use of short-term and long-term
memory distinguish Tabu Search from Genetic Algorithms and Simulated Annealing,
resulting in lower computational cost and better space exploration for the MCSS
problem, then we will describe Tabu Search use in next section.

4 Tabu Search for the Consistent Subset Selection

In our implementation, let X be the solution space consisting of all possible subsets of
the original reference set (including both consistent and inconsistent subsets), and let
the objective function to minimize f(x) for all x € X be

f(x) = cardinality(x) + K * errors(x) . @

where errors(x) denotes the number of resubstitution errors resulting from x use as
NPC. The second term is a penalty term weighted by a constant K € R* whose value
will be determined in practice.

Neighborhood definition for each subset x € X is N(x) < X consisting of all
subsets that differ from x in only one sample addition or deletion. Then the Move
definition is that of adding or deleting a sample to or from the current subset x.

The term Tabu Search involves a lot of techniques and strategies, but it mainly
comes from the use of short-term memories (tabu lists) that keep track of recently
examined solutions intending to avoid cycling in the space exploration. After a move
(addition or deletion) is performed, the move is declared fabu for a predetermined
number of moves, i.e. this move cannot be reversed until a tabu tenure expires. This
means that TS is a dynamic neighborhood method, where neighborhood of x can
change according to the history of the search (this situation is referred as reduced
neighborhood). However, a tabu move is admissible if compliant with an aspiration
criterion, usually that of improving the best current solution.

At each step, we select the least weight non-tabu move from those available (may
be an ascending move in some situations of the search), and use the improved-best
aspiration criterion to allow a move to be considered admissible in spite of its tabu
status. Tabu Search saves best current solution at any time and proceeds iteratively
until a chosen termination criterion is satisfied (usually when best solution wasn't
improved in M iterations).
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In a second level approach, Tabu Search includes additional mechanisms based on
long-term memories to direct the search into a promising region (intensification) or
toward previously unexplored regions of the solution space (diversification).

Main features of this Tabu Search implementation for the MCSS problem are
presented in the following sections.

4.1 Neighborhood Exploration in TS Compared to GA

Evaluation of a new subset x € X involves a quadratic cost since for each sample it
has to be determined its nearest neighbor present in X by examining distance to all
selected prototypes. In contrast to this quadratic cost evaluation for methods relying
on random or discontinuous exploration as Genetic Algorithms, evaluation time is
reduced in Tabu Search due to TS systematic neighborhood search.

In our implementation for the MCSS problem, a sample addition move is just
evaluated by testing whether the newly inserted prototype is closer than the previous
nearest neighbor for each class, resulting in linear time cost. A sample deletion move
just involves nearest neighbor decision of those samples whose previous nearest
neighbor was the deleted one, better than quadratic time. Then neighborhood
exploration in TS is more efficient than in GA due to its pure Local Search nature.

4.2 Initial Solutions and Constructive Methods

Tabu Search may start from any initial solution. A first option is to operate on a fully
constructed solution (here a consistent subset) produced with other technique (as
Hart's algorithm) then guiding transition moves to optimize the condensed subset. A
second option is to start from the obvious solution, the full original reference set
(consistent with itself) then proceed condensing the selected subset.

The third option considers constructive moves for generating initial solutions,
being these constructive moves subjected to Tabu Search guidance. This option has
significant consequences for the range of strategies available to the meta-heuristic
approach, and as we checked in the experimental test, drives to better solutions than
former options.

4.3 Constraining to Feasible Regions

In our implementation, solution space exploration makes no distinction between
consistent and inconsistent solutions except for the penalty term weighted by the
constant k. Consistent solutions form several disconnected regions. If constant k has a
high value (say 10) search tends to remain in a local region without "stepping" on
inconsistent solutions while crossing to different regions of consistent solutions. A
lower value of k (to be 1) allows this boundary crossing, relying on the penalty term
to drive the search towards consistent solutions (experimental tests demonstrate that
this is the case).

An alternative approach is to constrain neighborhood to moves only among
consistent subsets (feasible solutions). To encompass infeasible solutions, the search
may be strategically driven to cross the feasibility boundary by deleting samples
whose deletion produce inconsistency. After a selected depth is reached (certain
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number of samples are dropped) the search changes direction by sample addition
driving back toward a feasibility, a consistent solution. A planned use of this called
Strategic Oscillation will allow to visit the different disconnected feasible regions.

4.4 Intensification and Diversification

Beyond first level Tabu Search approach, use of longer-term memory make possible
to better explore promising solutions or regions (intensification phase) or to explore
less explored regions (diversification phase). Two intensification procedures are here
proposed. The simplest one is to maintain a list of best solutions then starting first
level TS from one of these solutions after clearing all tabu lists that were reducing
neighborhood when this solution was found.

Another intensification procedure for the MCSS is to combine best solutions then
resulting in a subset containing the most selected prototypes (even reducing to those
prototypes present in all best solutions). If the resulting subset is inconsistent then
proceeds with constructive moves followed by the local TS phase.

The diversification phase uses a memory containing information relative to visited
solutions since the beginning of the search. As in [14] we use an array V representing
the number of iterations where sample i is selected. In order to generate a diversified
solution, only samples of which V[i] has a value less than a threshold are included in
the diversified solution.

4.5 Additional TS Options

Tabu Search comprises a lot of techniques and strategies adaptable to the MCSS
problem, as they are Asymmetrical Tabu Tenures (a longer tabu tenure for sample
addition than for sample deletion, provided that while optimizing there are much more
samples to add than to delete), Candidate List Strategy for narrowing the examination
of elements of a neighborhood in order to achieve an effective tradeoff between the
quality of the move and the effort expended in it, or One Sided Strategic Oscillation
to remain predominantly on the feasible region. Use of these and other TS techniques
are beyond the scope of this study and will explored in the near future.

5 Parallelization Strategies

High-performance computing potential offered by parallel computers suggests its use
to solve optimization problems by computationally intensive exact algorithms like
Branch and Bound [11]. However, solving problems of large dimensions requires a
great amount of time even in the presence of efficient parallelization and a high
number of processing elements.

Extensive literature is available on parallel search algorithms for discrete
optimization techniques [12]. Here we will just analyze parallelization of the
randomization and meta-heuristics presented in this paper. Different sources of
parallelism exist in Tabu Search algorithm. Four of these sources are:

1. parallelism in cost function evaluation

2. parallelism in problem decomposition
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3. parallelism in neighborhood examination
4. parallelism in solution domain exploration by different search paths

The first source represent a low level approach and the second one is not applicable
to the MCSS problem. The last two sources of parallelism will be studied in detail.

5.1 Parallelizing Restarting Hart's Algorithm

Parallelization of the random restart procedure presented in section 3.1 is
straightforward and suitable for distributed architectures and asynchronous schemes
due to its low communication requirements. Initially all processing elements (PE) set
a local variable best_value to the original set size. Each processing element just
proceeds with the restarting Hart's algorithm bounded by this best_value. If an
iteration results in a solution smaller than the best_value, the PE saves this solution in
local memory and broadcasts its size to all other PEs. After each iteration (improving
or not) a non-blocking read is performed to listen to improvements if any, updating
best_value to the current lowest value. After a global termination criterion is satisfied
(by means of a centralized control) best solution is transferred from the proper local
memory.

5.2 Single-Walk Tabu Search

Parallelism in neighborhood examination is also called single-walk search. Only a
single walk in the solution space is carried out. Since the search for best move at each
iteration is a computationally intensive task, moves to be evaluated are distributed
over a number of processors. In our parallel TS implementation for the MCSS
problem, each processor will be responsible of evaluating state reversal of a group of
prototypes. All processors work on the same current solution. A master processor
receives best evaluated move from each processor and selects the best one, then
communicates the move to slave processors that perform it locally. TS variables and
tabu lists remain local to each processor.

This simple parallelization of sequential tabu search produced good performance in
optimization problems as Task Scheduling under Precedence Constraints [13]. Its
benefits for the problem at issue should be assessed.

5.3 Multiple-Walk Tabu Search

When using parallelism in solution domain exploration, different parallel processes,
called parallel search threads, are created and distributed over the available PEs.
Each search thread consists in executing a TS algorithm from an initial solution (may
be equal or different at each thread) and using a set of local parameters. This set of
parameters determines the TS behavior specifying a Strategy (again may be unique or
multiple).

The simplest approach is to perform multiple independent walks. In a better
coordinated job, parallel search threads have the possibility to exchange information,
then called interacting walks. In this case it should be decided the nature of
information to be exchanged, such as the occurrence of improved solutions or the
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availability of promising paths, and the way to use the additional information
resulting from interaction of walks. Interesting results of this approach for the
Multidimensional Knapsack Problem are presented in [14]

6 Experimental Results

We have implemented the following techniques in C language:
e Dasarathy's algorithm described in section 2.2.

e Restarting Hart's algorithm as described in section 3.1.

e Tabu Search for the MCSS problem as described in section 4.

For comparison purposes, three different termination criteria are implemented for
restarting Hart's and Tabu Search: termination when a given quality solution is
reached, termination by given time deadline or termination after a given number of
moves without improvement (standard termination criterion).

6.1 Tabu Search Capacities

Just by using a first level Tabu Search approach we have shown Tabu Search
capacities. In our first experiment, we used the popular IRIS data set comprising 150
labeled samples in R, 50 each from three physically labeled subspecies of IRIS
flowers. Dasarathy's technique finds a 15-element consistent subset.

The most reduced known subset for the IRIS set is a 11-element one obtained by
Tabu Search with K=1 (the constant in the penalty term of the objective function),
tabu tenure of 15 moves and a stopping criterion of 100 moves without improving the
best solution (by fact best solution is found in the 279th move), starting from a
randomly picked subset (one sample per class) and constructive moves in tabu search
style. This solution improves best known result in the literature that was a 12-element
subset [2].

6.2 Parallelization Results

For time considerations and parallelization benefits assessment we use a larger data
set in further experiments, consisting of 500 samples from two classes in R2 (sample
dimension is not relevant for the condensation phase since we may compute all
distances in advance).

We have implemented the following parallel versions

e Parallel Restarting Hart's algorithm as described in section 5.1.
e Single-Walk Tabu Search with parallel neighborhood evaluation (see section 5.2.).

Multiple-Walk Tabu Search is currently under development. For the parallel
versions we developed a program in C language and used a message passing
programming model by using the PVM library. The parallel architecture used during
tests is the SGI Origin 2000 with 64 processors R10000 nodes. Applications were
compiled with native SGI PVM library. To generalize the results, time are expressed
in relative units.
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Our second experiment uses termination by given quality solution, stopping with
Dasarathy's result is improved. Figure 1 shows that our Restarting Hart's algorithm
comfortably competes with elaborated Dasarathy's procedure, overtaking it with just
two processors.

Our third experiment uses termination by deadline expiration, given execution time
of sequential Dasarathy's algorithm. Figure 2 shows that Restarting Hart's quickly get
better results, but additional computational efforts drive Tabu Search to the best
solutions.

Finally, table 1 shows quality of best solution from each technique in longer time,
proceeding until termination criterion is satisfied, chosen as a reasonable number of
iterations without improvement. Computational effort is here measured in user time
for a sequential run in a single processor.

Table 1. Best solution from each technique, for a 500 prototype test data set

Used technique Subset Size Computational effort

(in relative time)
Dasarathy's 38 1.00
Restarting Hart's 26 22.17
Tabu Search 19 31.49

7 Discussion and Future Work

Our results for the MCSS problem seem to improve those obtained by Genetic
Algorithms presented in [2], when using the IRIS data set, resulting in 10 and 11-
element subset with one resubstitution error and 12-element consistent subset, while
the TS presented here resulted in a 11-element consistent subset.

Our experiments are simply illustrative because of the number of runs, being its
purpose to show their capacity and not to analyze robustness, convergence, etc. The
points are that a random restarting procedure as the presented Restarting Hart's
algorithm easily get good-quality solutions for the MCSS problem and that meta-
heuristic Tabu Search get better results than respectable algorithms (and than popular
genetic algorithms) and they get them in reasonable times.

While some MCSS techniques require specifying the number of prototypes in
advance or they converge to a set whose cardinality cannot be specified or changed as
desired. In Tabu Search (and in GA [2] too) the optimal number of prototypes is
decided in the course of the computation. As we showed, Tabu Search has many
options and degrees of freedom to embed any kind of desired requirements.

Last, parallel implementations allow both reducing execution time and obtaining
better solutions. As future work, parallel cooperative (Multiple-Walk) Tabu Search
for the MCSS should be implemented and analyzed in depth, and it should be
compared to other approaches like parallel genetic algorithms [15] adapted for the
MCSS problem.
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Abstract. In this paper, we focus on the complexity analysis of three
simulated annealing-based cooling schedules applied to the classical, gen-
eral job shop scheduling problem. The first two cooling schedules are
used in heuristics which employ a non-uniform neighborhood relation.
The expected run-time can be estimated by O(n?""a) for the first and

O(n7/2 +E/m1/2) for the second cooling schedule, where n is the number
of tasks, m the number of machines and ¢ represents O(Inlnn/Inn). The
third cooling schedule utilizes a logarithmic decremental rule. The un-
derlying neighborhood relation is non-reversible and therefore previous
convergence results on logarithmic cooling schedules are not applicable.
Let lmax denote the maximum number of consecutive transition steps
which increase the value of the objective function.We prove a run-time
bound of O(log'/?1/§) 4 29Um=x) to approach with probability 1 — &
the minimum value of the makespan. The theoretical analysis has been
used to attack famous benchmark problems. We could improve five upper
bounds for the large unsolved benchmark problems YN1, YN4, SWV12,
SWV13 and SWV15. The maximum improvement has been achieved for
SWV13 and shortens the gap between the lower and the former upper
bound by about 57%.

1 Introduction

In the job shop scheduling problem n jobs have to be processed on m differ-
ent machines. Each job consists of a sequence of tasks that have to be processed
during an uninterrupted time period of a fixed length on a given machine. A
schedule is an allocation of the tasks to time intervals on the machines and the
aim is to find a schedule that minimizes the overall completion time which is
called the makespan. This scheduling problem is NP-hard [7, 18] and there exist
problem specifications which are even hard to approximate within a polyloga-
rithmic distance to the optimum solution [23]. To find a schedule that is shorter
than 5/4 times the optimum is also NP-hard for the general problem setting [22].
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In the present paper, we are concentrating on the complexity analysis of
three simulated annealing-based cooling schedules applied to the general job
shop problem. The first two cooling schedules are used in heuristics which em-
ploy a detailed analysis of the objective function. For these heuristics we intro-
duced a non-uniform neighborhood relation with biased generation probabilities
of neighbors. The preference is given to transitions where a decrease of longest
paths is most likely. The expected run-time can be estimated by O (n3+¢) for the
first and O(n™/2+¢/m!/2) for the second cooling schedule, where € represents
O(lnlnn/Inn).

The third cooling schedule utilizes a logarithmic decremental rule. Together
with a neighborhood relation introduced by Van Laarhoven et al. in [21] we ob-
tain a stochastic algorithm with a provable convergence rate. The neighborhood
relation determines a landscape of the objective function over the configuration
space F of feasible solutions of a given job shop scheduling problem. The gen-
eral framework of logarithmic cooling schedules has been studied intensely, e.g.,
by B. Hajek [8] and O. Catoni [3,4]. To analyze the convergence rate they uti-
lize specific symmetry properties of the configuration space with respect to the
underlying neighborhood relation. Our chosen neighborhood relation does not
provide these symmetry properties but nevertheless we could perform a conver-
gence analysis of the corresponding stochastic algorithm.

Let ag(k) denote the probability to obtain the schedule S € F after k steps
of a logarithmic cooling schedule. The non-reversible neighborhood from [21] a
priori ensures that transitions always result in a feasible solution. Therefore, the
problem is to find an upper bound for k such that ) .- as(k) >1 — § for
schedules S minimizing the makespan. Our convergence result, i.e., the upper
bound of the number of steps k, is based on a very detailed analysis of transition
probabilities between neighboring elements of the configuration space F. We
obtain a run-time of O(log'/? 1/8) + 20Um=) to have with probability 1 — 4 a
schedule with the minimum value of the makespan, where [;,.x is a parameter
for the energy landscape. The present approach has been briefly outlined in the
context of equilibrium computations in specific physical systems [2].

The theoretical analysis has been used to attack famous benchmark problems.
We could improve five upper bounds for the large unsolved benchmark problems
YN1, YN4, SWV12, SWV13 and SWV15. The maximum improvement has been
achieved for SWV13 and shortens the gap between the lower and the former
upper bound by about 57%.

2 The Job Shop Problem

The general job shop scheduling problem can be formalized as follows. There
are a set J of [ jobs, a set M of m machines, and a set 7 of n tasks. For each
task ¢ € T there is a unique job J(t) € J to which it belongs, a unique machine
M(t) € M on which it requires processing, and a processing time p(t) € IN.
There is a binary relation R on 7 that decomposes 7 into chains corresponding
to the jobs. This binary relation, which represents precedences between the tasks
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is defined as follows: For every t € T there exists at most one t' such that
(t,t') € R.If (t,t') € R, then J(t) = J(t') and there is no = ¢ {¢,t'} such that
(t,z) € R or (z,t') € R. For any (v,w) € R, v has to be performed before w.
R induces a total ordering of the tasks belonging to the same job. There exist
no precedences between tasks of different jobs. Furthermore, if (v,w) € R then
M (v) # M(w). A schedule is a function S : T — INU {0} that for each task ¢
defines a starting time S(t).

Definition 1 A schedule is feasible, if

Yo,we T: (v,w) € R = S(v)+p(v) < S(w),
Yo,w € T,v#w: M(v) = M(w) = S(v)+p(v) < S(w)V S(w)+p(w) < S(v).

The length, respectively the makespan of a schedule S is defined by
(1) A(S) = max (S(v) + p(v)),

veET
i.e., the earliest time at which all tasks are completed. The problem is to find
an optimal schedule, i.e., a feasible schedule of minimum length. Minimizing the
makespan A(S) in a job shop scheduling problem with no recirculation can be
represented by a disjunctive graph, a model introduced by Roy and Sussmann
in [16]. The disjunctive graph is a graph G = (V, A, E, i), which is defined as
follows:

V=TuU/{lO0}

A={lvw]|v,weT,(v,w)e R} U{[I,w]|lweT,AveT: (v,w) € R}U
{[v,O0l|veT,AweT: (v,w) € R},

E = {{v,w}|v,w€T,v#w,M(v) :M(w)},

u o V—IN.

The vertices in V represent the tasks. In addition, there are a source (I) and
a sink (O) which are two dummy vertices. All vertices in V' are weighted. The
weight of a vertex p(v) is given by the processing time p(v), u(v) := p(v),
(u(I) = u(0O) = 0). The arcs in A represent the given precedences between the
tasks. The edges in E represent the machine capacity constraints, i.e., {v,w} € E
with v,w € T and M (v) = M (w) denotes the disjunctive constraint and the two
ways to settle the disjunction correspond to the two possible orientations of
{v,w}. The source I has arcs emanating to all the first tasks of the jobs and the
sink O has arcs coming from all final tasks of jobs.

An orientation on E is a function 6 : E — T x T such that é({v,w}) €
{{v,w), (w,v)} for each {v,w} € E. A feasible schedule corresponds to an ori-
entation 6 on E (§(E) = {d(e) | e € E}) for which the resulting directed graph
(called digraph) D :=G' = (V, A, E, u,§(E)) is acyclic.

A path P from z; to zj, i,j € IN,i < j : x;,z; € V of the digraph D
is a sequence of vertices (z;,Zit1,...,2;) € V such that for all i < k < j,
[Tk, Tpt1] € A or (zp,zt1) € O(E).

The length of a path P(x;,z;) is defined by the sum of the weights of all
vertices in P: A(P(z;,x;)) = Y 7_; #(@r). The makespan of a feasible schedule
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is determined by the length of a longest path (i.e., a critical path) in the digraph
D. The problem of minimizing the makespan therefore can be reduced to finding
an orientation § on F that minimizes the length of A(Ppax)-

3 Basic Definitions

Simulated annealing algorithms are acting within a configuration space in
accordance with a certain neighborhood structure or a set of transition rules,
where the particular steps are controlled by the value of an objective function.
The configuration space, i.e., the set of feasible solutions of a given problem
instance is denoted by F. For all instances, the number of tasks of each job
equals the number of machines and each job has precisely one operation on each
machine. In that case, the size of F can be upper bounded in the following way:
In the disjunctive graph G there are at most I! possible orientations to process
| tasks on a single machine. Therefore, we have | F|< (1! )m

To describe the neighborhood of a solution S € F, we define a neighborhood
function n : F — p(F). The neighborhood of S is given by 7n(S) C F, and each
solution in 7(S) is called a neighbor of S. Van Laarhoven et al. [21] propose
a neighborhood function 7y which is based on interchanging two adjacent op-
erations of a block. A block is a maximal sequence of adjacent operations that
are processed on the same machine and do belong to a longest path. We will
use an extension of the neighborhood where changing the orientation of a larger
number of arcs is allowed within a path related to a single machine:

1. Choosing two vertices v and w such that
M(v) = M (w) = k and there exists a path P(v,w) with
Vz € P(v,w): M(z) =k and (v,z), (z',w) € Ppq for x,2' € P;
2. Reversing the order of the path P(v,w) such that
Y(zi,z;) € P(v,w) : (z;,x;) € §(E) = (zj,z;) € §'(E);
3. If there exists an arc (u,v) such that v # u, M (u) = k, then replace the arc
(u,v) by (u,w);
4. If there exists an arc (w, z) such that w # x, M (z) = k, then replace the arc
(w, z) by (v, ).

Thus, the neighborhood structure is characterized by

Definition 2 The schedule S’ is a neighbor of S, S' € n(S), if S’ can be obtained
by the transition rules 1 — 4.

The transition rules do not guarantee a priori that the resulting schedule
is feasible, i.e., that the corresponding digraph is acyclic. Therefore, a test of
feasibility has to be performed after any proposed transition. But the feasibility
test can be combined with the computation of the length A(Pyax) which has to
be done for any transition. For the special case of n7z,, Van Laarhoven et al. have
proved the following

Theorem 1 [21] For each schedule S & Fuin, there ezists a finite sequence of
transitions leading from S to an element of Fmin.
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As already mentioned in Section 2, the objective is to minimize the makespan
of feasible schedules. Hence, we define Z(S) := A(Pnax ), Wwhere Ppayx is a longest
path in D(S). Furthermore, we set

(2) Fmin:={S | S€FandVs'(5' € F - Z(5'") > 2(5)) }.

We introduce biased generation probabilities which give a preference to tran-
sitions where a decrease of longest paths is most likely, i.e., the selection of v, w
will depend on the number of longest paths to which a = (v, z;) and b = (z;, w)
with M (z;) = M(z;) = k do belong in D.

In case of adjacent v and w, i.e., if there is an arc (v, w) € d5(F) and there
exist arcs (u,v) and (w,z) such that v # u,w # z, the transition 7y, introduced
by Van Laarhoven et al. [21] will be executed. Therefore, the transition 7z, is a
special case of our neighborhood function.

In simulated annealing, the transitions between neighboring elements depend
on the objective function Z. Given a pair of feasible solutions [S, S'], S' € n(S),
we denote by G[S, S’] the probability of generating S’ from S, and by A[S, S’]
the probability of accepting S’ once it has been generated from S. Since we
consider a single step of transitions, the value of G[S, S’] depends on the set
n(S). In most cases, a uniform probability with respect to S is taken which is
given by | 7(S) |~ !. In our approach, we are trying to connect the generation
probability with the number of longest paths that might be shortened by a
single transition. Hence, instead of a single longest path, we have to calculate
the number of longest paths to which a single arc (z,y) belongs, where (z,y) is
on the path P(v,w) specified by choosing v and w in the first transition rule. We
introduce the following values: v(z) :== A\(P(I,z)), where [z,z] € A and P(I,z)
is a longest path from I to z, and k[(z,y)] :=[{P | P = P'(I,z){z,y)P" (y,0)
and A(P) = A(Pmax)}|- The values v(z) and x(z) can be computed in expected
linear time O(|V]).

Now, the generation probability depends on the uniform probability 1/m of
choosing a path P(z’,2") of length ! (the number of jobs) such that M (v) = k is
fixed for all vertices v of P(z’, 2""). Then, for any {x, y) from P(2’, z"), the number
of longest paths £[(z,y)] to which (z,y) belongs is calculated. We denote

K [(z, )]
> K [(u,0)]

(u,v) ONn P(z',z'")

(3) gl(z,y)] =

Next, two independent random choices (z,y), (z',y’) are made on P(z',2") in
accordance with the probability g. If # precedes =’ or x = 2/, the vertex z is
taken as v of the first transition rule, and g’ is taken as w.

If the probability of generating a feasible solution S’ is denoted by g[S’ |
P2, z”)], the generation probability can be expressed by

1/m-g[S" | P(z',z")], ifS" € n(S),

0, otherwise.

(4) Gmsm:{
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The choice of the generation probability has been confirmed by our compu-
tational experiments (see Table 1): For our best solutions on the YN and SWV
benchmark problems we observed a number of longest paths between one and
five, while the maximum number of longest paths was about 50 for the YN
and 64 for the SWV benchmark problems, even for solutions close to the upper
bounds. Since the neighborhood function 7y, from [21] is a special case of our
transition rules 1 — 4, we have:

Lemma 1 Given S € F\Fmin, there exists S’ € n(S) such that G[S, S'] > 0.
The acceptance probability A[S, S'], S’ € n(S) C F, is given by:

1, if 2(8") - 2(8) <0,
(5) A[S, Sl] = { o Z(8")=2(5)

c , otherwise,

where c is a control parameter having the interpretation of a temperature in an-
nealing procedures. Finally, the probability of performing the transition between
S and S', S,S" € F, is defined by

G[S, S'] - A[S, S, if S"# S,
(6) Pr{s - 5} = 1 - Y GJ[S, Q]-A[S, Q], otherwise.
Q#S

Let ag(k) denote the probability of being in the configuration S after k steps
performed for the same value of ¢. The probability ag(k) can be calculated in
accordance with

(7) as(k) == Y ag(k—1) -Pr{Q — S}.

Q

The recursive application of (7) defines a Markov chain of probabilities ag(k).
If the parameter ¢ = c¢(k) is a constant ¢, the chain is said to be a homoge-
neous Markov chain; otherwise, if ¢(k) is lowered at any step, the sequence of
probability vectors a(k) is an inhomogeneous Markov chain.

As pointed out in [21] (see Section 2 there), the convergence to minimum
elements of Fi, is based on a subdivision of recurrent computations into irre-
ducible ergodic sets and an additional set of transient elements of F, respectively.
From transient feasible solutions, elements of ergodic sets can be reached, but
not vice versa. Thus, if Fp, is reachable with a non-zero probability from any
S € F, the following convergence properties can be shown for infinite Markov
chains:

(8) lim ( lim Z ag(k)) = 0; lim ( lim ZaSO (k)) = 1.

c—=0"k—o0
SeF\ Fumin S0E€Fmin

Since Lemma 1 provides that Fpiy is reachable from any S € F, we obtain:

Theorem 2 For Markov chains defined by (4), (5) and (7), the probability to
be in a feasible solution Sy € Fin 1S equal to 1 after an infinite number of steps
and for a decreasing control parameter ¢ — 0.
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Because the computation of an infinite Markov chain cannot be performed
in practice, the calculations have to be interrupted at any fixed “temperature”
c after a certain number of steps. Hence, one has to define some heuristic rules
bounding the number L. of transition steps for fixed values ¢ := ¢(t). Further-
more, it is necessary to determine how the parameter ¢(t) has to be changed.
These problems are discussed in the next section, where two cooling schedules
are defined and their complexity will be analyzed.

Additionally, we consider a third cooling schedule which defines a special
type of inhomogeneous Markov chains. For this cooling schedule, the value c(k)
changes in accordance with

r
k)= ———, k=0,1, ...
(9) c( ) ln(k_ + 2)7 07 Y
The choice of ¢(k) is motivated by Hajek’s Theorem [8] on logarithmic cooling
schedules for inhomogeneous Markov chains. If there exists Sp, S1, ..., Sy €

F(So = SAS, =8 such that G[Sy, Suy1] > 0,u = 0,1, ..., (r— 1) and
Z(Su) < h,forallu = 0, 1, ..., r, we denote height(S = S') < h. The schedule
S is a local minimum, if S € F\ Fuin and Z(S’) > Z(S) for all S’ € n,,(S)\ S.
By depth(Smin) we denote the smallest h such that there exists a S’ € F, where
Z(S") < Z(Smin), which is reachable at height Z(Smin) + h-

The following convergence property has been proved by B. Hajek:

Theorem 3 [8] Given a configuration space C and a cooling schedule defined by

r
C(k) = m, k = 0, ]., ey

the asymptotic convergence ) ;o aH(k)k——> 1 of the stochastic algorithm, which
i—00
is based on (2), (5), and (6), is guaranteed if and only if
(i) YH, H' € C3H,, H,, ..., H, € C(Hy=H A Hy=H'): G[H,, Hy11] > 0,
1=0,1,..,(r—1);
(i) Yh : height(H = H') < h <= height(H' = H) < h;
(i) I' > max depth(Hmyin).

Hence, the speed of convergence associated with the logarithmic cooling sched-
ule (9) is mainly defined by the value of I'. The condition (i) expresses the
connectivity of the configuration space. In our case of F, the mutual reachabil-
ity of schedules cannot be guaranteed as we will show in the following section.
Therefore, Hajek’s result cannot be applied to our scheduling problem.

4 Two Simulated Annealing-Based Heuristics

The following section describes the main parameter of the two cooling sched-
ules designed for simulated annealing-based heuristics. For both cooling sched-
ules, the starting “temperature” ¢(0) is defined by

Azmax

(10) ¢ A0 —1op,  o)= 22

_ln(l —p1)’
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where p; is a small positive value.
The decremental rule of the first cooling schedule is given by the simple
relation ¢(t+1) := (1 —p2)-c(t), where p is a small value larger than zero. The

—

stopping criterion is related to expected number R..(S) of trials that are necessary

—

for leaving a given configuration S. In case of L < R.(S5), it is indeed the time

to finish the procedure of simulated annealing. By straightforward calculations,
_ max

one can show that for arbitrary S € F R.(S) < eAZ /() where AZ™MaX .=

max max |Z(S") — Z(S)|. Therefore, one obtains the following conditions:
SeF S’ en(S)

max
AZ™ (it i) AZ

(11) <e c(trin) < =7

—

Let x(c) denote the expected ratio of the total number of processed trials and
the length L. at temperature c. The number ¢¢;, denotes the number of cooling
steps, and we define the average acceptance rate by setting X := 1/tfin->.. Xe-
Hence, for the length L of Markov chains the number of processed trials from
¢(0) until ¢(trin) is given by X L+t 4. Furthermore, let T denote an upper bound
for the time needed to perform the updating of the objective function and the
decisions in accordance with (5). Now, the number of steps ¢, reducing the
parameter ¢(t) can be calculated from

trin
(1 = p2) "™ - c(0) = cltyin),
which implies

1 .1n(—71n(1 — pl))].

12 in <
(12) by Jln( InL

1 — po)
Therefore, the number of cooling steps does not depend on the objective function.
Given the length of Markov chains L, the algorithm has to perform L - ¢z,
accepted moves before the algorithm halts because of (11).

Theorem 4 For the first cooling schedule, the expected run-time is bounded by

L In(1 — p1) _
T/ 8 ———— In(———)-.T-x.
! In(1 — po) n( InL ) X

The complexity of updating the objective function and further auxiliary op-
erations can be upper bounded by O(n). Thus, if we assume a square complexity
for the basic arithmetic operations, we can use the time bound 7' = O(n - In* n).
Based on (4), we have for the size of the neighborhood |n(S)|< m-1-(I-1)/2 =
O(n?/m). Hence, we obtain:

Corollary 1 For the neighborhood relation n(S), the following upper bound of
the expected run-time can be derived:

3
Tjé O(%-lnzn-y)
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For the second cooling schedule, the control parameter ¢(t) is decreased by
the rule
c(t) c(0)

(13) D) = T o TE G- o) o)’

where p(p3) is defined by ¢(ps) :=1n(1 + p3)/(2™2* — Z,i) < 1 (see equation
(15) in [20]).
Our stopping criterion is derived from the condition

OZ.

—— _ < . Z/In\ax
dc |c_c(t) S € )

(14) c(t) -
i.e., the changes of the objective function are very small compared to the ex-
pected initial value of Z at ¢(0). In our specific case the condition leads after a
series of transformations to the following inequality:

In |F|

2 max
<eg-Z2mex,
“(0) c" +c<e

(15)

If we assume integer values for the processing times p(t¢), the minimum im-
provement of the objective function is lower bounded by 1. Hence, we can take
€ := 1/ 2™ as a lower bound for €. From (15) we can derive the following upper
bound of cooling steps:

—In(l — py) -1 Zmax _ z
tfm<\/ n(l —p) In| F|

(16) AZmax In(1 + p3)

in case of € := 1/Z™2% The upper bound is related to the approximation (15).
Finally, we have :

Theorem 5 For the length L of Markov chains, € :== 1/Z2™3 and the second
cooling schedule, the expected run-time can be upper bounded by

—In(l —p1) [In|7F|

Ty S L
" In’(1 + ps) V aZmex

(ZM _ Zn) T X

We use again T = O(n - In®n) and obtain:

Corollary 2 The following upper bound of the expected run-time is valid for the
second cooling schedule:

7/2
T éO(n -lns/zn-_).
1 i/ X

In the second cooling schedule, the run-time is longer compared to the bound
given in Theorem 4, but one has a better control of the final outcome because
the objective function is explicitly used in this cooling schedule.
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5 The Logarithmic Cooling Schedule

In this section, we consider a uniform generation probability which is based
on the neighborhood 7z introduced by Van Laarhoven et al. [21]:

1
InL(S) |

Before we perform the convergence analysis of the logarithmic cooling schedule
defined in (9), we point out some properties of the configuration space and the
neighborhood function. The condition (i) of Hajek’s Theorem (see Theorem 3
of the previous section) requires that for every two schedules S, S’ there exists a
finite sequence of transitions leading from S to S’. It is not difficult to construct
a problem instance containing pairs of schedules S, S’ where such finite sequence
does not exist. Moreover, not every transition move is reversible.

Let S and S’ be feasible schedules and S’ € n,(S). To obtain S’ from S, we
chose the arc e = (v,w) and e € Pnax. If Z(S) > Z(S'), it is not guaranteed

that e’ € P! .. and therefore the move might be not reversible.

(17) G[S, 8] :=

Lemma 2 Any transition move which increases the value of the objective func-
tion is reversible.

If the value of the objective function increases, only a path containing one
of the selected vertices v, w can determine the new makespan after a transition
move. It can be shown that all paths whose length increases contain the edge
e' = (w,v). Since e’ belongs to a longest path it can be selected for the next
transition move and the previous step will be reversed. The same idea is used to
prove the upper bound (p(v) + p(w)) for the increase of the objective function
value within a single transition step.

Lemma 3 The increase of the objective function AZ in a single step according
tone (S —y, S') can be upper by (p(v) + p(w)).

To express the relation between S and S’ according to their value of the objective
function we will use <z, >z, and =z:

S <z S’ instead of S"enp(S)&(Z2(S) < 2(57)),
S >z S’ instead of S"enp(S)&(Z(S) > Z(57)),
S =z S’ instead of S # S'& S’ € ni,(S) & (Z2(S) = Z(5")).

The notations z <, z >, and z = will be used for the analogous relation between
S and S’ in case that S can be generated from S’. Furthermore, we denote:

p(S) =|{S <z S}, p(S):=1{Sz< S},
a(S) = 1[{S =z S}, q(S) :=[{Sz= 5"},
r(S) =1{S >z S},  #(S):=|{Sz> S1].

These notations imply

(18) P(S) + q(S) + r(S) = |ne(S)| — 1.
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Lemma 4 For all S € F, the relations p(S) < p(S) and r(S) > 7(S) are
valid. The relation between q(S) and §(S) is not predetermined. Note, the strong
inequality between p, p and r, T is possible.

The relations follow from Lemma 2. For the relation p(S) < p(S) we note that
there might be a schedule S’ which reaches S with a single decreasing transition
step, but since a decreasing step is not guaranteed to be reversible, S’ is not
necessarily a neighbor of S. Therefore, the strong inequality between p, p is
possible. The relation r(S) > 7#(S) is considered in a similar way.

Now, we analyze the probability ag(k) to be in the schedule S € F after k
steps of the logarithmic cooling schedule defined in (9), and we use the notation

1 _Z(5)-2(sH

(19) =e c® k> 0.

2(5)-2(8")
I

(k+2)
By using (6) and (17), one obtains from (7) by straightforward calculations

p(S)

p(S)+1 1 1
as(h) = as(h 1)+ (ML - e ) +
EACH 12::1 | 1L(S) | (k+l)M
S<z S;
+I3(S)z+fi(5) ag, (k—1) N 7%9:) ag; (k—1) 1
} ) ’ Z(5)-2(5;) °
Z TSI T A TG T
Sz<S; SZ>SJ'

The representation (expansion) will be used in the following as the main relation
reducing ag(k) to probabilities from previous steps. We introduce the following
partition of the set of schedules with respect to the value of the objective func-
tion:

h
Lo := fmin; Lh+1 = {S :Se f/\VSI(SI € .7:\ U L; — Z(S’) > Z(S))}
=0

The highest level within F is denoted by Ly, ... Given S € F, we further denote
by Winin(S) := [S, Sk—1, - - -, S'] a shortest sequence of transitions from S to
Frnin, 1.6, S" € Finin. Thus, we have for the distance d(S) := length(Wmm(S)).
We introduce another partition of F with respect to d(S):

s-1
SeEM;«=d(S) =i>0, and Ms = | M;, ie, F = M.

i=1

Thus, we distinguish between distance levels M; related to the minimal number
of transitions required to reach an optimal schedule from Fi,;n and the levels Ly
which are defined by the objective function. By definition, we have My := Ly =
Fmin- We will use the following abbreviations:

(20) £(S',8,t) = ! and

(k; to_ t) Z(S')I:Z(S)
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_p(S)+1 2(5) 1 _ _
=@ - = w279
S <z S;

Z(Si)—2(S)
T

(21) Ds(k—1)

During the expansion of ag(k), S & My, terms according to S are generated as
well as according to all neighbors S’ of S. Some terms generated by the expansion
of S contain the factor ag:(k — 1) and can therefore be summarized with terms
generated by the expansion of S’. However, it is important to distinguish between
elements from M; and elements from M;, ¢ > 2. For all S ¢ M, we obtain:

(S)
p(S) + 1+ q(S) +7(S) A 1
ag(k —1 < — . S5 3 +
= (S) | 2 T gy
S<z S;
p(S)
1 1
+ Z : z(sg—z(s)) = aS(k_l)-
iz1 | n2.(S) | k+1)" T
S <z Si

In case of S € M, some neighbors S’ of S are elements of M, and do not generate
the terms related to S >z S’ because the ag (k) are not expanded since they
are not present in the sum > ¢ 5, as(k). Therefore, '(S) < r(S) many terms
are missing for S € M; and the following arithmetic term is generated:

r'(S)
(22) aste -1+ (1- 1),
| z(S) |
where r'(S) :=1{S": S" € n.(S) A S" € Mp}|. On the other hand, the expansion
of ag(k) generates terms related to S’ € My with Sz > S’ and containing
ag(k—1) as a factor. Those terms are not canceled by expansions of ag: (k). All
S € M, therefore generate the following term:

r'(S)
asj (k: — 1) 1
) P A I =
j=1 ! (k+1) T

Sj € My ﬂT[L(S)

Now, we consider the entire sum and take the negative product ag(k) - '(S)/
| n.(S) | separately. By using the abbreviations introduced in (21) we derive the
following lemma.

Lemma 5 After one step of the expansion of 3 gyy as(k), the sum can be
represented by

Y oasth= Y astk-1) - > %-as(k—l)—k

S & My S & My S e M )
'(S)
f(8,55,1)
+ H 05 ) g (k- 1),
X ol
1 J =

Sj € Mo Nni(S)



272 K. Steinhoefel, A. Albrecht, and C.K. Wong

The diminishing factor (1 —r/(S)/ | n.(S)|) appears by definition for all
elements of M;. At subsequent reduction steps, the factor is “transmitted” suc-
cessively to all probabilities from higher distance levels M; because any element
of M; has at least one neighbor from M; ;. The main task is now to analyze how
this diminishing factor changes if it is propagated to the next higher distance
level. We denote

(24) Y as(k)= ) wSH-astk-t)+ Y wS.1) ask-1),

S & My S ¢ My S' € My

i.e., the coefficients u(S,t) and p(S’,t) are the factors at probabilities after ¢
steps of an expansion of )5 o, as(k). Hence, for S € M; we have p(S,1) =
1= 7r'(S)/ |nc(S)], and u(S,1) =1 for the remaining S € Mg\ (M U M;). For
S’ € My we have from Lemma, 5:

5(S")
f(Slv SI: 1)

25 S'1) = —_

Si € M1 AS" € nL(Si)
Starting from step (k— 1), the generated probabilities ag (k—u) are expanded in
the same way as all other probabilities. We set u(S,7) := 1 —v(S, j) because we
are mainly interested in the convergence u(S,j) — 0. We perform an inductive
step from (k — ¢+ 1) to (k —t) and obtain for ¢t > 2:

Lemma 6 The following recurrent relation is valid for v(S,t), t > 2:

v(S,t)=v(S,t — 1) - Dg(k — t) +S>z "fﬂi{sl z "lﬁL(g D . £(S". S, ¢).

Furthermore, for the special cases S € Mj,j > t, S € My, t =1, and S €
Moy, t = 1 we have, v(S,t) = 0, v(S,t) = r'(S)/ | n(S) |, and v(S,t) =
1- ZP(S £(S;,S,1)/ | nc(S) |, with S; € M1 AS € nr,(S;) respectively.

Exactly the same structure of the equation is valid for u(S, ) which will be used
for elements of My only because these elements are not present in the original
sum ) gg s, as(k). Now, any v(S,t) and u(S,t) is expressed by a sum }, Ty of
arithmetic terms. We consider in more details the terms associated with elements
S° of My and S* of M;. We assume a representation u(S°t—1) = > T(S°),
and v(S,t—1) =5 T(S), S & M.

If we consider r'(S*)/ |nL(S*) | and D g0, 1 f(S*,S° 1)/ | nL(S°) | sepa-
rately, the difficulties arising from the definition v(S,t) := 1 — u(S,t) can be
avoided, i.e., we have to take into account only changing signs of terms during
the transmission from M7 to My and vice versa.

Definition 3 The expressions r'(S*)/ | nr(S*) |, and Y o1 f(S*,5%1)/
| n(S°)|, are called source terms of v(S*,t) and u(S°,t), respectively.

During an expansion of } ¢,y as(k), the source terms are distributed per-
manently to higher distance levels M;. Therefore, at higher distance levels the
notion of a source term can be defined by an inductive step:
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Definition 4 For all S € M;, i > 1, any term which is generated according
to the equation of Lemma 6 from a source term of v(S',t — 1), where S’ €
M;_1 N (S), is said to be a source term of v(S,t).

We introduce a counter e(7T') to terms 7" which indicates the step at which the
term has been generated from source terms. The value e(T') is called the rate of
a term and we set e(T") = 1 for source terms T'.

The value e(T) > 1 is assigned to terms related to My and M; in a slightly
different way compared to higher distance levels because at the first step the S°
do not participate in the expansion of ) S¢ M, ag(k). Furthermore, in the case
of My and M; we have to take into account the changing signs of terms which
result from the simultaneous consideration of v(S*,t) and p(S°,1).

Definition 5 A term T° is called a j*" rate term of u(S°,t) and j > 2, if either
T° = —-T and e(T) = j—1 for somev(S,t—1), S € M1NnL(S°), ore(T°) =j—1
for some p(S',t —1), S" € Mo Nnr(S°).

A term T is called a j*® rate term of v(S*,t) and j > 2, if either e(T) = j—1
for some v(S,t —1), S € (MyUM,;) Nnp(S*), or T = =T', and e(T") = j — 1
for some S' € My Nnr(S*) with respect to p(S’,t —1).

A term T is called a j** rate term of v(S,t), S € M; and i,j > 2, if
e(T) =j—1 for some v(S',t—1), S’ € (M;UM;1) Nnr(S), or T is a j* rate
term of v(S",t — 1) for some S" € M;_;.

Let 7;(S, t) be the set of j*I rate arithmetic terms of v(S*,t) (u(S°,t)) related
to S € Ms. We set A;(S,t) := ETeTJ-(S,t) T'. The same notation is used in case
of S = S5° with respect to u(S°,1).

Lemma 7 If S € M; # My, then A;(S,t) =0 for j >t — i+ 1. For S° the
condition j >t implies A;(S°,t) =0 and

t—it1 t
v(S,t) = 2:1 A;(S,t) and p(S°,t) = _X%Aj(SO,t).
= =

In order to simplify the analysis of products of factors Dg(k — ¢) in positive
arithmetic terms, we consider the following representation: From Lemma 3 we
have

(26) wi= max_ Z(S) - Z(S) < plw) +p();

The upper bound is applied to:

~IE

p(S)+1.
| nz.(S) |

The general structure of reductions is explained by

Ds(k—1) < (1-%-(k+2-1)

Lemma 8 The sum A;(S,t) of j* rate terms of v(S,t) is equal to

> Ps(Git—a) Ap(Spt—q) — > Ps(,t—q) Ap(Syt—q),
SqeEMN\ Mo Sy E€EMo
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where p < (t —q) —i+1, Sy € M; # My, and p' <t —q. The Ps(j,t — q),
Ps(j,t — q) denote the product of factors 1/ |nr(S)|, (k+2—r)"“/ |nu(S)],
and Dg(k —r).

The same structure, with exchanged sets Mg\ My and My, is valid for A;(S, 1),
which is part of the value of the coefficient p(S°, ).

Let prek—i1+ulSu — Sut1} be the factor that is generated according to
Lemma 8 during the transition S, — Sy+1. We recall that there are two different
types of factors corresponding to transitions S, — Sy, = Sy+1: The factor Dg,
and the factor 1/ |nr(Sy) |- The transitions S, — S, are called selftransitions.
Thus, starting with S = Sp, the expansions are performed until the values A,
have been reached and we denote by

Ps(j,t) = s9(St—1) Pre(e—t41){S0 = S1} - prege1){Se—2 = Se—1}-A1(Su—1,1)

a single product which represents to a particular path of transitions. Here,
s9(Sy) = +1 for S, & My, and sg(S,) = —1, otherwise. Based on Lemma 8,
A;(S,t) can be expressed by

A;(St) = X Py(,b),
€J

where | 7 | depends on the number of neighbors at any step of the expansions.

Since we are interested in absolute values of differences of vs(k), cf. (35),
it is sufficient to consider upper bounds for the absolute values of A;(S,t). We
note that the types of factors pr.;_;;, are the same in positive and negative
products Ps(j, t) because the positive summands are recursively generated from
negative summands and vice versa. Hence, for an upper bound of |A;(S,t)| we
can consider w.l.o.g. only the positive summands of A;(S,t) = > _,c; PL(4,t).
This applies to S & My as well as to S’ € My. Thus, we obtain

(27) A8 )< Y PLGLY) < D IPEGL) -

i€ J, s9g=+1 i€J

Since we consider absolute values only, we use the notation P%(j, t) :=|P5(j,¢)|,
i.e., the sign sg(S;—1) is deleted from the product. The computation of products
Pi(j,t) can be represented by a tree T(S, j,t), where A;(S,t) denotes the root
and the edges denote the transitions S,, — Sy+1. The internal nodes are marked
by the corresponding S,, and the node S, leads to | nL(Sy) | +1 nodes of a
greater distance to the root. The | nr(Sy) | + 1 results from the two types of
factors generated by selftransitions. The edges are marked by the corresponding
factor from
_(Z(50)-2(5)

1 (k+2—t+u)
| nL(Su) EIACHN
with |7L(Sy)| in the denominator. The leaves are marked by A;(S;—1,1).

We note that the products P(j,¢) contain (t — 1) factors PTe(k—t4u) and
we will classify the products mainly by the number a < ¢t — 1 of selftransitions

(28) , or Dg (k—1t+u)
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Sy — Su, and particularly by the number of factors Dg,. For the different
types of transitions let b denote the number of transitions from L to a higher
neighboring level Ly, h' > h, ¢ the number of transitions to a lower level Ly,
and d the number of transitions to the same level L,. We set v := [a,b,¢c,d]
and denote by Psl[j,t, v] a product containing a factors Dg, (k —t,) and b, ¢, d
factors of the corresponding type. A given v induces a fixed subtree Ty of T.

Lemma 9 The position of a particular transition is independent of k and only
defined by the structure of the entire computation tree T.

According to (27) we have

(t—1—b—c—d) (t—1—c—d) (t—1—d) (t—1)

|A;(S,1)] < 2 > ;0 Y X Pt

a=0 b=0 d=0 ieJ(Ty)

where J(Ty) enumerates the products (paths) in the subtree Ty.

By Lemma 3, the total increase of the objective function is upper bounded
by b - (maz{p(w) + p(v)}) = b - w. Therefore, to reach My or M; at most b+ w
decreasing steps are necessary, i.e., ¢ < b - w. Since

(29) b=(t—-1)—a—c—d,

we have from ¢ < b-w the relation b > (t—1)—a—b-w—d, b-(1+w) > (t—1)—a—d,

(30) b (1= 1) —a—d)

If Ps[j,t,v] contains b transitions to higher levels, the product of the b corre-
sponding factors f(Sy, S.,,t,) can be upper bounded by

b b—1 1 e b+ 1)
(31) Hf(su,S;,tu)S H < (b+1) r

u=1 u=0 (k' + 2 — tu) %

Given a particular product Ps(j,t), the a factors from selftransitions can be
considered together and one obtains the upper bound

a p(S) (k+2—t+u)7w
= (- - )
u=1 i=1

The product becomes larger, if only a single transition to higher levels is chosen
in any factor. We note that any choice of a single transition is possible. Therefore,
it is possible to choose a consecutive chain of increasing values of the objective
function Z(S;,_,)—2(S4,); Z(Si,_,)—Z(Si,_,); -+ ; 2(Si, )= Z(Si,). The product
is subdivided into sequences of factors which belong to chains of an increasing
objective function. We denote by

(33) Imax :==max{l : Z(S; ,) — Z(Si);- - ; 2(Siy) — Z(S;,) within F}
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the maximum possible length of an increasing chain within the configuration
space F. We obtain a further increase of the product (32) if any k +2 —t + u
is substituted simply by k& > 1. The factors which belong to the j'® increasing
chain of length [; < I,y are considered together and by = we denote the number
of subdivisions. From (26) we have for & > a/lmax and I < lnax

Z(S;)—2(S
" () (B -Z(5) a

T R O =

n

Now, we incorporate (31) and (34) in upper bounds of ;¢ 7(r. ) Pilj,t,v]
for a fixed v, where we take into account that except for selftransitions of the
first type the corresponding factors are divided by |nL(S)].

Lemma 10 Given S € F and k > a > 0, then

a (t—a—d+w)

Llj T Qlmax - flmaxw/T liw)e \ T0Fa) t—a—b
P < T FET () (o

Based on the upper bound for the particular products, we can derive an
upper bound for the total sum:

Lemma 11 Given S € F, k > 20Umsx) gnd " > O(lmax - w), then
kP
Ai(S,D]= L X 2% ¥ Piitv] < n-t??e2 &,

a b ¢ d i€dy

where £ > 1 and p > 0 are suitable constants.

The proof is based on the following three cases, where we assume ¢t > k/~v:
a>t/4>k/(4-v);a<t/4dandd<2-a;a<t/4and d>2-a.

Now, we compare the computation of v(S,t) (and u(S°,t)) for two different
values t = k; and t = ko, i.e., v(S,t) is calculated backwards from k; and ks,
respectively. To distinguish between v(S,t) and related values, which are defined
for different k; and ko, we will use an additional upper index. At this point, we
use again the representation of v(S,t) from Lemma 7(and the corresponding
equation for u(S°,t)).

Lemma 12 Given ks > ki and S € M;, then
AL(S)t) = AZ(S,ky — ki +1), if t>i+2.

The proposition can be proved by induction over i, i.e., the sets M;. Lemma 12
implies that at step s + 2 (with respect to k)

AY(S;s+2) = A(S,ky —ky +s+2) forall Se Ms.

For A1(S,t), the corresponding equality is already satisfied in case of t > s. The
relation can be extended by induction to all values j > 2:
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Lemma 13 Given ks > k1, j > 1, and S € M;, then
AL(S,t) = A5(S by — ki +1t), if v>2-(j—1)+i.

We recall that our main goal is to upper bound the sum ¢, as(k). If
a(0) denotes the initial probability distribution, we have from (24) for the two
values ko > ky

(35) | as(ky) =D aska)| < [(D_v(S,k2) =D v(S,k)) -as(0)] +

S¢Mo S¢Mo S¢Mo S¢Mo
+ (Do uS k) = u(S k) -as (0]
S'eMy S'EMo

Lemma 14 Given the parameter l,ax which characterizes the mazimum number

of consecutive transition moves which increase the value of the objective function,

then there exist a constant p > 0 and ¢ > 1 such that ks > k1 > 20 (Imax) implies
ke

| Y (v(S,k2) = v(S, k1)) -as(0)| <2-2 .

SgMo

For | > e, (1(S", k1) — (S, k2)) -as (0) | we obtain the corresponding upper
bound in the same way.

Theorem 6 The stochastic algorithm which is defined by (5), (6), and (9) com-
putes for the job shop scheduling problem after
k> (C'logg)% + 2 Olmax)

steps of the inhomogeneous Markov chain a schedule S such that

Z ag(k) <d and therefore, Z ag(k) > 1 — 4,

S¢&My SeMy

Therefore, the probability that after k steps a schedule S has a makespan of
minimum length is larger than 1 — 4.

Proof: We choose k > 20(max) and I' > O(Ipmax-w) in accordance with Lemma 11
and 14. Furthermore, we have

> as(k)=> (as(k)—as(k))+ > as(ks) =Y (v(S,k2)—v(S,k)) -as(0) +

S¢ Mo S¢ Mo S¢Mo S¢ Mo
+ Z (S’ k2)) - as (0 +Z ag(kz).
S"eMy S¢Mo

The value k2 from Lemma 14 is larger but independent of k; = k, i.e., we can
take a ko > k such that ZSQMO ag(ke) < %

If additionally both differences » gy, (v(S,k2) — v(S,k)) and > sren,
(1(S", k) — p(S', ko)) are smaller than §/3, we obtain the stated inequality.
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Lemma 14 implies that the condition on the differences is satisfied in case of
2.2~ K/ < 5/3, which is valid, if (c-log(6/6))* < k.
q.e.d.
If lax < n/const., Theorem 6 implies an exponential lower bound for the
number of steps of the inhomogeneous Markov chain. The theoretical result was
used in a simulated annealing procedure to attack famous benchmark problems.
The value .« Was estimated by computational experiments for the YN and the
SWYV benchmark problems. These estimations of ,,x were used as the parameter
I' in the logarithmic cooling schedule (9). We could improve five upper bounds
for the large unsolved benchmark problems YN1, YN4, SWV12, SWV13, and
SWV15. The maximum improvement has been achieved for SWV13 and shortens
the gap between the lower and the former upper bound by about 57%. The results
are shown in Table 1).

| Instance | Jx M | LB | UB [ t— oo | CSy,y | Time |

YN1 20 x 20 826 888 886 894| 70267
YN2 20 x 20 861 909 910 918| 63605
YN3 20 x 20 827 894 899 904| 61826
YN4 20 x 20 918 972 970 975| 63279
SWV11 |50 x 10 2983 3005 3017 3149| 18271
SWV12 |50 x 10 2972 3038 3012 3188| 28112
SWV13 |50 x 10 3104 3146 3122 3289| 33048
SWV15 |50 x 10 2885 2940 2924 3088| 35477

Table 1. Results on still unsolved problems YN and SWV

LB denotes the lower and UB the upper bounds known from the OR-Library. Five of
these upper bounds (YN1, YN4, SWV12, SWV13 and SWV15) could be improved and
the gap between LB and UB has been shortened by about 57% on SWV13. For the
results in column CSg,,, the table indicates the run-time of our simulated annealing
procedure CSg,, in seconds on a Sun Ultra 1/170 SPARC machine.
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Abstract. A new approximate algorithm (GBA) for the Steiner prob-
lem in graphs (SPQG) based on an iterative execution of a previous heuris-
tic to the problem (SPH) is presented. GBA looks for a subset of vertices
which, used as terminals, can produce a near-optimal solution. In addi-
tion, the tree associated to each of these subsets is selected at random.
The worst-case time complexity of the algorithm is O(|V|*) and the cost
of the solution is guaranteed to be less than twice the optimal. GBA 1is
tested on classical benchmark problems and its performance compares
favorably to that of some of the best existing SPG approaches with res-
pect both to solution quality and specially runtime.

1 Introduction

The SPG asks for the shortest tree interconnecting a subset of vertices in a
connected graph. It is one of the NP-hard classical problems in combinatorics
and it appears to be very useful in the design of several kinds of communication,
distribution and transportation systems. In particular, the wire routing phase in
VLSI design can be formulated in terms of the Steiner problem. The SPG allows
a substantial variety of exact and heuristic algorithms which produce optimal
or near-optimal solutions. While exact methods are only useful for solving small
instances of the problem, well-known heuristic techniques must be used in order
to attain an approximation to the optimal solution.

There are two main criteria when evaluating the quality of heuristic algo-
rithms. In the first, the best algorithm assures the lowest performance ratio
bound (PRB), which is the ratio between worst approximated solution cost and
optimal solution cost. In this case, Karpinski and Zelikowsky’s [7] algorithm
with PRB equal to 1.644 —the solution cost will not be higher than a 64.4%
above the optimum— is the best up to now. In the second criterion, the best
algorithm performs empirically better in benchmark problem instances. Genetic
algorithms [5,4,10] had produced the best experimental results up to now with
the widely-used graph instances of the OR-library [2].

Both criteria can be considered from a critical perspective. On the one hand,
PRBs are often quite difficult to be proved and they are usually close enough
to assure better empirical performance. On the other hand, graph instances
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could not be representative enough, and the number of experiments too small to
consider the results statistically significant to the problem. In fact, the algorithms
which compete with the empirical criterion are usually based on combination of
heuristics with a good PRB. They evaluate a relatively high number of candidate
solutions and return the best one they find which, in most of the cases, is nearer
to the optimal solution than it should have been expected according to these
bounds.

Our aim is to introduce a new approximate algorithm (GBA) based on the
well-known shortest path heuristic (SPH) proposed by Takahashi and Matsuyama
[9]. In GBA, SPH is iteratively applied by using the vertices of the tree attained
in the previous iteration as the subset of vertices to be connected in the SPG.
This way, our algorithm can obtain solutions which could not be obtained by
the SPH itself. In other words, GBA increases the exploration power of SPH
because it considers as a candidate solution some trees out of range to the SPH.

This work 1s organized as follows: SPG notation and some basic proper-
ties are presented in section 2. Section 3 describes SPH and introduces a new
hill-climbing algorithm (HCSPH) based on this heuristic. In section 4, GBA is
introduced by incorporating new elements to HCSPH in order to increase its
performance. Experimental results are given in section 5 and, finally, section 6
ends the exposition with some conclusions.

2 SPG Formulation

Let G = (V, E,¢) be an undirected graph with set of vertices V', set of edges
F and a cost function ¢ : E — R* defined on the edges, and let N C V be a
non-empty set of vertices called terminals. The SPG is to find a minimum cost
subgraph of GG which interconnects all the vertices in N. The cost —c(G)— of a
graph G being the sum of the costs of its edges.

A Steiner tree of G for N —StT (G, N)— is a tree of (& interconnecting N.
Since the costs of the edges are all positive, the SPG is to find a minimum cost
StT(G,N) or MStT(G, N). Vertices not in N —non-terminals— from a given
StT(G, N) are called Steiner vertices and those of them not used to connect
N are called ties. In other words, a tie is a Steiner vertex with degree one or
a Steiner vertex that changes to degree one by recursive deletion of ties. (It is
clear that a M.StT(G, N) cannot have ties). The function ¢rim(T) returns the
tree T once 1ts ties have been deleted or trimmed.

A minimum spanning tree of G for U C V —M SpT(G,U)— is a minimum
cost tree of G with set of vertices U. It can be found by Prim’s O(|U|?) or
Kruskal’s O(|Ey|log|Err]) algorithms, where Ey C E is the subset of edges of
the subgraph of G induced by U. Since a M StT(G, N') with set of Steiner vertices
S'is also a MSpT (G, N US) the SPG can be solved by finding S C V so that it
minimizes the cost of M SpT(G, NUS). The number of Steiner candidate subsets
is 2IVI=INT,

In Figure 1 there is an example that summarizes this notation.
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)

v3
G=(V,E,c) Tis StI'(G,N) and MSpT (G, N U{s1,s2})
N = {v1,v2,v3} terminals $2 1s a Steiner vertex and s; is a tie
V — N = {s1, 52} non-terminals trim(T) =T — {s1} is MStT(G, N)

Fig. 1. The Steiner Problem in Graphs

The distance graph Dg of GG is the complete graph with set of vertices V
in which the cost of every edge (v;,v;) is given by the cost of the shortest
path between v; and v; in G. Every M StT(G, N) is also a M StT(Dg, N) and,
moreover, given the latter we can obtain the former by replacing every edge by
its associated shortest path in G. Since there is a M StT(D¢g, N) with at most
k = |N|— 2 Steiner vertices, D¢ can be used instead of GG in order to reduce the
number of subsets of Steiner vertices to be considered.

3 HCSPH Algorithm

The SPH is one of the classical approximation algorithms for the SPG. Its
worst-case time complexity is O(|N||V|?) and it returns an approximation —
SPH(G, N)— never greater than twice the cost of the optimal solution. (The
PRB of the SPH is 2 — 1/|N|) [9]. The SPH works as follows:

— Step 1. Let T be a subtree formed by an isolated terminal. Take 7" as an
initial partial solution.

— Step 2. Find a terminal v closest to a vertex v’ in 7. Add to T the shortest
path joining v to v'.

— Step 3. Repeat step 2 until 7' contains all the non-terminals (|V]| —1 times).

It is easily seen that SPH 1is closely related to Prim’s algorithm for the MSpT
problem. In fact, the SPH grows a single subtree which is expanded during each
iteration by the addition of a closest terminal v together with the non-terminals
on the shortest path from v to the subtree.

Rayward-Smith and Clare [8] noticed that the solution given by this heuristic
does not ensure a MSpT and proposed the following two steps to further improve
the solution attained by SPH.

— Step 4. Ty := MSpT (G, vertices(T)).
— Step 5. 7y :=trim(T}) is the approximate solution.
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These two steps do not alter the complexity of the method which depends
on the computation of the shortest paths. When the initial tree 7" is not im-
proved by the steps 4 or b these two conditions must hold: 7" is already a
MSpT (G, vertices(T)) and Ty does not have ties. The ties distribution depends
on the vertices ordering, that is to say on the way in which MSpT and SPH
build their trees. If T3 is shorter than 7', a new improvement can be attained by
considering the Steiner vertices of 75 as terminal vertices and starting again the
whole heuristic. This is the main point in which the following new hill-climbing
algorithm HCSPH is based on:

— Step 0. Vy := N.

— Step 1.7y := SPH(G,Vy); To := trim(T1).

Step 2. T5 := M SpT (G, vertices(Tr)); Ty := trim(T5).

— Step 3.if ¢(71) > ¢(T4) then Vi := vertices(Ty); go to Step 1
else T} 1s the approximate solution.

HCSPH “inherits” the PRB from the SPH in the first iteration of the algo-
rithm. Tt is not difficult to see that ¢(T1) > ¢(T2) > ¢(T3) > ¢(T4) so HCSPH
is obviously a hill-climbing algorithm. Moreover, it can be used as a hill-climber
for any approximate solution given by other SPG heuristic. In that case the set
of vertices of this solution should be used instead of N at Step 0.

Complexity Analysis. The worst-case time complexity per iteration of HCSPH
is O(|Vw||V|?). This is due to the computation of the shortest paths. Since
Van might contain all the vertices, the complexity of a single iteration becomes
O(|V3). Consequently, the possibility of computing beforehand all the shortest
paths should be taken into account. Once all the shortest paths have been com-
puted by means of Floyd’s O(|V]?) algorithm, the worst-case and the best-case
time complexities per iteration are O(|V]?) and O(|N|?) respectively.

The worst-case time complexity of HCSPH is O(|V > + k - [V]?), where k
is the number of iterations. Since in each iteration the cost of the solution is
improved, we can assume that k& will never be greater than |V| —or ¢|V] for a
small constant ¢— and, therefore, HCSPH complexity is O(|V|?).

It is important to point out that if the complexity of computing all shortest
paths cannot be reduced, HCSPH has the lowest complexity that a competitive
SPH heuristic —an heuristic aiming to attain the best possible solution— can
achieve. In order to being competitive, a graph pre-processing has to be done to
reduce the size of the graph. Having in mind this goal, several graph reduction
rules have been proposed [6]. Since all the shortest paths are required even for
some of the most basic reduction rules, HCSPH complexity cannot be lower than
the one of the shortest paths computation. Moreover, the size of the graph could
have been reduced so the number of vertices used to evaluate the complexity
of one HCSPH iteration can be lower than the number of vertices of the initial
—mnon reduced— graph.

In the next section GBA algorithm is introduced by updating HCSPH basic
template in order to increase its performance.
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4 GBA

There are only two ways in which a shorter tree can be attained by an iteration
of HCSPH: By adding Steiner vertices via SPH or by trimming tie vertices.
These two ways depend on the SPH and MSpT implementation, on the vertices
ordering and, also, on the method in which the shortest paths are computed.
Our proposal here is to introduce new elements aiming to decrease this vertices
ordering dependency, to reduce the solution search space and to increase the
probability that both Steiner and tie vertices come up.

In the next subsections we explain the main decisions that have been taken
to design GBA using HCSPH as a basis. A template of the final version of GBA
1s shown 1n the last of these subsections. Therefore, this subsection will provide
a detailed description of the way in which these elements have been incorporated
to the algorithm.

4.1 Vertices Reordering

Given a subset of vertices Vg we can generally find several SPH (G, Vs) and
also some M SpT (G, Vs). However, since the implementation of these functions
is usually deterministic, the tree produced given a subset of vertices will always
be the same. As a matter of fact, we do not have any a priori way to decide
which of these trees is better for our purpose. In other words, the way in which
SPH and MSpT select their respective solutions is arbitrary so it has nothing to
do with the decisions by which the algorithms had been designed. As a result,
HCSPH is exploring the space of candidate solutions for the SPG in a slanted
way which produces different results even for isomorphic graphs.

Aiming both to avoid unclear slant and to increase GBA exploratory so-
lution power, the vertices are reordered at random before each computation of
SPH and MSpT. This way, these functions become non-deterministic and several
advantages can be taken:

— Given the same subset of terminals, different trees can be returned by these
functions so there are more trees that can effectively be reached by GBA.

— The tendency to return similar trees with consecutive subset of terminals,
which are likely to be very similar to each other, is reduced. Consequently,
the chances that tie vertices and Steiner ones come up are increased.

— Two iterations starting with the same initial subset of terminals can pro-
duce a different solution so the stop conditions given for the HCSPH can
be improved. GBA stops when a better solution has not been found after a
fixed number of iterations. Using this last improvement time —LIT— GBA
explores more candidate solutions in order to attain a better approximation.

— Part of the vertices order dependence, which is present in most of the SPG
algorithms, is avoided by GBA. (As we show below, GBA does not avoid
the dependency when the shortest paths are computed). Consequently, the
results obtained by GBA given a graph can be nearly exported to any iso-
morphic graph.
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4.2 Deleting Non-Terminals of Degree Two

One of the ways in which a shorter tree is found by HCSPH is by the inclusion
of new Steiner vertices. It is clear that if these vertices have at least degree three
they contribute to reduce the cost of the solution. But this is not the case for
Steiner vertices of degree two. It can be observed that, at the same time, HCSPH
is looking for an approximate solution in both G and D¢. Non-terminals of degree
two are completely unnecessary to shorten the tree in Deg.

The function dd2 deletes these non-terminals of degree two. In particular, the
subset Vg := dd2(T) contains the vertices of the tree T" with the exception of its
non-terminals of degree two. In GBA this subset is used as the initial subset of
terminals for the next iteration instead of the vertices of 7T'. It can be observed
that a tree 7" not larger than 7" can be constructed by connecting every pair of
neighbour vertices of a deleted non-terminal by an edge which cost is equal to
the distance between the vertices. By means of dd2:

— The tree T might be shorter than 7" as well as larger than M SpT (D¢, Vs)
so the chances that a shorter tree is found in the next iteration are increased.

— The number of Steiner subsets to be considered is reduced to those with at
most |N| — 2 vertices, which is the maximum number that Vs can contain,
so the solution search space is reduced.

— The SPH O(|Vs]|V]) worst-case time complexity becomes O(|N||V]), there-
fore GBA speed-up is increased.

In addition to these advantages, dd2 is also a selective way to “shake” the
tree in order to embody new Steiner vertices. This so-called shaking effect is
considered in the next subsection.

4.3 Shaking the Tree

The inclusion of a function which randomly produces small perturbations to
the terminal vertices subset Vg at the end of each iteration can be considered
a sensitive point in GBA. This function allows each non-terminal vertex to be
either included in Vs or excluded from it according to a very small probability.
We consider these perturbations as a way of shaking the tree —shake(Vs)— in
order to make new tie leaves to fall down and doing so to leave their place to
new Steiner vertices.

It is clear that the number of trees that can be accessed by GBA is increased
by means of the shaking function even though it will not necessarily be an
advantage. In any case, an important property is incorporated by this function
to the algorithm:

— It becomes clear that not all the vertices can be incorporated to a tree by
HCSPH algorithm. An example of that is a non-terminal vertex that is not
an intermediate vertex in any shortest path. By shaking the tree all the
vertices have chances to be added to the terminal vertices subset so all the
candidate solutions are reachable. Consequently, no optimal solution is never
put aside of consideration.
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The shaking must not alter the basic structure of the tree. Consequently, we
work out the probability of shaking a vertex depending on the desired expected
number of shaken vertices —FE.S— in the whole tree. For example, if we expect
to change —add or delete— FE.S vertices, the probability of shaking a vertex
Pg(v) will be:

Ps(v) == ES/(|V|~ |N|) Yo €V = N

The shake function is the most unsteady of all the elements that we have
incorporated to GBA, particularly because it enables the possibility of explor-
ing solutions which are larger than the best solution previously found. We have
already contemplated the possibility of shaking only when a shorter tree has not
been found in the last iteration. Because the global results of our experimenta-
tions have improved slightly by shaking at each iteration, we have decided to
incorporate the function accordingly. Anyway, by using more selective or care-
ful ways to shake the tree, like dd2 function, the algorithm performance could
probably be improved.

4.4 Giving Priority to the Paths Instead of the Edges

The performance of path based heuristics for the SPG is closely related to the
way in which the paths are constructed. For example, non-terminal vertices that
do not appear as intermediate vertex of any of the computed shortest paths,
will never be incorporated as Steiner vertex of any tree by the SPH. To make
the matters worse, when several same cost paths between two vertices are avail-
able, the same arbitrary path is always chosen. This way, some vertices can be
arbitrarily put aside of consideration.

We have rejected the possibility of reordering the vertices each time a path
1s required —in a similar way as it has been done when a tree is computed—
because it has an important impact into the algorithm complexity. So, our aim
would be to reduce, as far as possible, this new “out of control” slant by trying to
select the paths which are likely to be more suitable. We would like to incorporate
as intermediate path vertices as many non-terminal vertices as possible.

By now, GBA is at an early stage of this path selection strategy. Since the
empirical results are more or less influenced by the way in which the paths are
computed, we use a simple path selection strategy that can be explained as
follows: Whenever a choice between a path and an edge of the same length is
required, the path is selected. This strategy is used in every GBA function as
well as in the computation of the paths.

Since this strategy scarcely alters the algorithm in which 1t is applied, we
consider it useful to introduce it in any path based heuristic algorithm.
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4.5 GBA Template
The following algorithm shows the final template of GBA.

— Step 0. Vy := N.

Step 1. Ty := SPH(G,reorder(Vy)); Ta := trim(T1).

— Step 2. 75 := MSpT(G, reorder(vertices(Tz))); Ty := trim(T3).

— Step 3. if stopCond(LIT) then Vi := shake(dd2(T4)); go to Step 1
else return the shortest tree found.

Complexity Analysis. Two parameters have to be given before GBA can be
executed: The LIT to stop the algorithm, and the expected number of shaken
vertices per tree ES. The worst-case per iteration of GBA is O(|N||V|+ |V2|?),
where |Va| is the number of vertices of T5. The first term is related to the SPH
computation and the second to the MSpT computation. Since V5 could virtually
contain all the vertices, the complexity of a single iteration becomes O(|V |?).
(In fact, the best-case time complexity is O(|N|?).)

We have considered the possibility of suppressing step 2 in order to reduce
the complexity to O(]N||V|). In that case, Ty should be replaced by T5 at step
3. There are two main reasons to reject this possibility. On the one hand, when
dd?2 is applied to a tree that is not a MSpT, some vertices that would produce
a shorter tree in the next step might be deleted. These vertices could find it
difficult to be incorporated to a solution when dd2 is executed after each tree
computation. On the other hand, this worst-case time complexity do not show
the real behaviour of the algorithm. Assuming that the graph is not sparse
enough to use Kruskal’s MSpT algorithm instead of the Prim’s one, the com-
plexity upper-bound will hold when SPH incorporates most of the non-terminals
to T at Step 2 and, besides, this tree has few ties. But it can be seen that this
is a very unusual case, specially, when the graph is not sparse. In practice, the
complexity of each iteration is usually bounded by the computation of the SPH
and, even in this case, the complexity bound does not reflect the real behaviour
of one iteration of GBA.

Like in HCSPG, the worst-case time complexity of GBA is O(|V |2 + k|V]?),
where k is the number of iterations. In contrast to HCSPG, this number depends
on the LIT so it is more difficult to be bounded. A O(|V]) number of iterations
has shown to be enough to produce the empirical results which are shown in
the following section. Consequently, we propose to limit the maximum number
of iterations to ¢|V|, for a very small constant ¢. This way, GBA achieves a
worst-case time complexity of O(|V]?).

5 Experimental Results

GBA have been tested on the 60 largest SPG instances from the OR-Library[2]
denoted cl,...,c20, d1,...,d20, el,...,e20. Every c-graph, d-graph and e-graph has,
respectively, 500, 1000 and 2500 vertices.
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The performance is compared to that of a genetic algorithm (GA) [5] that
clearly outperformed all the previous tested algorithms [3,4, 10] in both, solution
quality and runtime. In [3], up to 6 different algorithms had been compared
using the same graph instances in similar conditions. In [5], GA performance
was compared to the genetic algorithm proposed by H. Esbensen [4] which had
produced the best quality results in the shortest time.

Before GBA itself is executed an attempt to reduce the size of the given prob-
lem 1s performed using standard graph reduction techniques. Since the reduction
routines used are the ones produced by Esbensen himself [3], the comparisons
have been done with exactly the same problem instances.

Experimental results comparing GBA and GA performances are given in
the next four tables. In addition, table 4 includes the quality results obtained
by an iterative algorithm (IKMB) [1], which is considered as one of the best
deterministic heuristics. IKMB results have been extracted from [3] and may
give an idea of the difficulty associated to those problem instances. GA results
have been taken from [5]. The parameters setting for GBA are LIT = 1000 and
ES = 3. Both algorithms were implemented in C programming language and
run on a SUN Ultra 30, 250 MHz, 256 Mb RAM. Tables 1, 2 and 3 give details
of the experiments with graphs ¢, d and e respectively, and Table 4 summarizes
these results.

Table 1. Experimental results with graphs ¢

Reduced Size Cost CPU-Time(Secs) | [terations
Graphs | |[V| |[N| |E|| Opt. GA GBA |Red. GA GBA |Avg. Max.
cl 145 5 263 85 .0 .0 5 5 0 1 1
c2 130 8 239| 144 .0 .0 5 6 1 1 1
c3 120 35 232| 754 .0 1 (0,1) 5 14 2| 315 826
c4d 109 38 221| 1079 .0 .0 5 15 2| 143 446
ch 37 17 91|1579 .0 .0 5 4 0 1 1
c6 369 5 847 55 .0 .0 5 10 1 6 46
c7 382 9 89| 102 .0 .0 5 12 1 5 46
c8 336 54 818| 509 .0 .0 5 37 3 26 228
c9 349 78 &832| 707 .0 .3 (0,1) 6 67 8| 395 1179
cl0 213 76 6241093 .0 .0 6 39 4 92 222
cll 499 5 2184 32 .0 .0 5 13 1 15 75
cl2 498 9 2236 46 .0 .0 5 15 1 6 13
cl3 463 65 2108 | 258 .0 .0 5 58 5 72 301
cl4d 427 81 1961| 323 .0 .0 6 55 5 63 175
cl5 299 92 1471 556 .0 .0 6 49 4 13 43
cl6 500 54740 11 .0 .0 5 12 1 5 28
cl7 499 9 4698 18 .0 .0 5 13 1 17 47
cl8 486 70 4668 | 113 .1 (0,1) .0 6 50 4 36 71
cl9 473 98 4490 | 146 .0 .0 6 69 6 55 152
c20 386 143 3850 | 267 .0 .0 6 85 7 12 27




A High Performance Approximate Algorithm for the Steiner Problem in Graphs 289

Tables 1, 2 and 3.

1. Reduced Size: The characteristics of the graphs once reduced.

2. Cost: The cost of the optimal solution (Opt) and the average difference
between approximated and optimal costs in 10 executions per graph of both
(GA) and (GBA). (For the e-graphs, GA has been executed only once). When
the difference 1s not zero, the minimum and maximum differences between
the cost of an approximated solution found and the optimal cost, is given in
brackets on the right side.

3. CPU-Time(Secs): The time in seconds spent in the pre-processing to reduce
the graphs size (Red.) and the average time used by both (GA) and (GBA)

without taking into account the pre-processing.

4. Tterations: The average (Avg.) and the maximum (Max.) number of itera-
tions until the best solution has been found by GA.

Table 2. Experimental results with graphs d

Reduced Size Cost CPU-Time(Secs)| Iterations
Graphs | |V||N]| |E||Opt. GA GBA Red. GA GBA|Avg. Max.
d1 274 5 510 106 .0 .0 50 9 1 8 16
d2 285 10 523| 220 .0 .0 50 13 1 2 11
d3 224 67 4411565 .0 2 (0,2) 51 42 5| 198 519
d4 159 66 339(1935 .0 .0 51 33 3 3 9
d5 97 48 2461|3250 .0 .0 52 17 2 84 321
dé 761 5 1741 67 .0 .0 50 22 1 16 45
d7 754 10 1735 103 .0 .0 50 22 1 1 1
ds 731 124 1708|1072 .2 (0,1) 1.3 (0,3) 51 259 25| 257 620
d9 654 155 1613 | 1448 .0 .3 (0,2) 52 348 30| 274 556
d10 418 146 1317|2110 .0 .8 (0,2) 53 156 19| 303 889
d11 993 5 4674 29 .0 .0 50 27 21 128 270
d12 1000 10 4671 42 .0 .0 50 29 2 1 1
d13 922 122 4433 | 500 .0 .0 51 232 19| 108 344
d14 853 160 4173| 667 .0 .0 52 317 24 71 195
d15s 550 157 2925|1116 .0 .0 54 146 19 89 385
d16 1000 5 10595 13 .0 .0 50 23 1 11 53
d17 999 910531 23 .0 .0 51 25 1 3 13
d18 978 145 10140 | 223 1.3 (1,2) 1.4 (1,2) 50 320 24| 406 967
d19 938 193 9676| 310 1.4 (1,2) 1.0 (1,1) 51 353 29| 182 468
d20 814 324 8907 | 537 .0 .0 52 568 63 26 78
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Table 3. Experimental results with graphs e

Reduced Size Cost CPU-Time(Secs) | Iterations
Graphs | |V||N]| |E||Opt. GA GBA Red. GA GBA |Avg. Max.
el 680 5 1286| 111 O .0 773 18 1 2 6
e2 710 9 1328 214 0 .0 773 21 1 13 37
e3 637 199 1233|4013 0O 7.4 (4,10) 779 442 52| 684 1895
ed 435 164 964 | 5101 O 2.1 (1,3) 783 220 25| 661 1524
eb 222 108 649 | 8128 0 .0 800 62 6| 164 393
eb 1845 5 4318 73 0 .0 756 56 3 7 28
e7 1891 10 3388 | 145 0 .0 775 66 3 23 128
el 1723 286 4193 | 2640 1 (1,1) 2.4 (0,5) 791 1803 202| 618 1219
e9 1608 358 4069 | 3604 0 3.9 (276) 799 2431 320| 978 1481
el0 1046 366 3388 | 5600 0 4.3 (176) 827 1427 122 169 582
ell 2498 512093 34 0 .0 780 81 3 7 27
el2 2500 10 12123 67 0 .0 777 87 4| 107 641
el3 2341 321 11760 | 1280 2 (2,2) 2 (0,4) 788 3461 312| 882 2898
eld 2139 388 113251732 0 1.6 (1,2) 802 3930 229 179 361
el5 1461 443 8514|2784 0 0 837 2002 180 | 201 504
el6 2500 5 29332 15 0 .0 781 74 3 19 80
el7 2500 10 29090 25 0 .0 779 76 3 11 35
el8 2429 355 28437 | 564 7 (7,7) 2.8 (2,4) 781 2300 193| 502 1823
el9 2351 485 27779 | 758 3 (3,3) 0.4 (0,1) 787 2923 310| 374 653
e20 1988 758 24423 | 1342 0 0 801 5078 381 37 51

Table 4.

1. Error: The percentage of solutions of (IKMB), (GA) and (GBA) with error
not greater that (0%) and (1%), and the percentage of graphs for which
(GBA) has found an optimal solution when 10 executions per graph are
considered (Best 10).

2. Avg. CPU-Time(Secs): (GA) and (GBA) average time per execution. (Par-
tial) does not include the graphs pre-processing time while (Global) does.

Table 4. Summary of the experiments

Error Avg. CPU-Time(Secs)

IKMB GA GBA GA GBA
Class| 0% < 1% | 0% < 1% | 0% < 1% Best 10 | Partial Global | Partial Global
c|55.0 80.0(99.5 100[98.0 100 100 31 37 3 8
d|35.0 80.0(89.0 100(80.5 100 90 148 199 14 65
el 36.8 68.4(80.0 95.0(59.0 100 70 1328 2116 118 906
Total | 42.3 76.1|89.5 98.3[79.2 100 86.7 502 785 45 326
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Performance analysis. Summarizing from Tables 1 to 4, GBA finds a globally
optimal solution in 79.2% of all runs and is within 1% from a global optimum in
all the executions. These results clearly overcome the ones obtained by IKMB
but are slightly inferior to the ones obtained by means of GA. However, the time
difference in the execution of the two algorithms greatly makes up for the small
quality differences in the results. When the time of pre-process to reduce the
graphs size, which includes that of the shortest paths computation, is not taken
into account, GBA turns out to be 11 times faster than GA. As indicated in
[5], GA was already clearly faster than the rest of algorithms seen. Taking the
pre-processing time into account, GBA turns out to be more than twice as much
faster than GA.

It is important to highlight the impact that the stop conditions chosen for
each one of those algorithms have in the final results. We have verified that when
more time is given to GBA | the quality of the results tend to get very near to GA.
We feel that GBA converges in a much faster way towards approximate good
solutions, which, we ought to remember, are the real object of our algorithm.

Finally, we cannot help stating that the results obtained both by GA and
GBA can be considered to be surprisingly excellent, baring in mind that the
problem is NP-hard. Part of these results can be attributed to the weakness of
some of the graphs, in particular those with a small number of terminals, a fact
proved with the small number of iterations that, as shown in tables 1, 2 and 3,
are needed to find the optimum one. GBA attains better results than GA for
graph el8 and e19 which, in theory, are the strongest graphs of the benchmark.
We conclude that more tests with difficulty graphs would be helpful to decide
which of the two algorithms performs definitely better.

6 Conclusions

A new approximate algorithm (GBA) for the SPG based on the SPH has been
introduced. The central point of the algorithm is the iterative execution of the
SPH using the vertices of the tree obtained in the previous iteration as a new set
of terminals to be connected. Since the initial set of terminals is used at the first
iteration, GBA assures the performance ratio bound of the SPH so the solution
cost will be lower than twice the optimal solution cost. GBA can also be used to
obtain a shorter tree once an approximation has been given by means of another
SPG heuristic. In this case, the set of vertices of the approximate tree should be
used as the initial set of terminals.

The worst-case time complexity of GBA is O(|V|?), where |V is the number
of vertices. (This bound is achieved by limiting the maximum number of itera-
tions to ¢|V| for a small constant ¢.) Since our aim is to improve the results in
comparison to other SPG-heuristics, it is necessary to perform some routines in
order to reduce beforehand the size of the graphs. Since shortest paths —Floyd’s
O(|V|3) algorithm— are also required for these routines, GBA complexity is the
lowest that a well performing SPH heuristic can achieve.
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Three additional elements have been incorporated to GBA with the purpose
of improving its performance. Firstly, the vertices are randomly reordered each
time that a new tree is computed. Secondly, the Steiner vertices of degree two are
not considered as terminals in the next iteration. Finally, small perturbations are
applied to the new terminal subset of vertices allowing the inclusion or exclusion
of vertices at random.

It has been shown that, at least one of the three additional elements con-
tributes to each of the following positive effects to the algorithm:

— To increase the chances that both non-terminal leaves and Steiner vertices
come up and therefore; that shorter trees might be obtained.

— To increase the capability of the algorithm to explore new solutions.

— To expand the number of candidate solutions that can be reached by the
algorithm.

— To avoid “out of control” slants which depend on both the vertices order
and the particular algorithm implementation.

— To reduce the solution space to subsets of Steiner vertices with no more
elements than the number of terminals. (It is known that there is at least
one optimal solution with these characteristics.)

— To give to these non-terminals which can never be incorporated to a solution
by means of the SPH, the possibility of becoming part of a tree.

— To increase the speed-up of the algorithm.

GBA has replaced arbitrariness to non-determinism by means of the random
vertices reordering. As a consequence, GBA becomes near' independent of the
vertices order and its empirical results can be nearly exported to any isomorphic
graph instance.

The performance of the algorithm has been tested on well-known benchmark
instances with random graphs with up to 2,500 vertices and 62,500 edges. Ex-
perimental results show that in all the executions GBA finds a solution which is
within 1% from the global optimum. Moreover, the optimal solution is found in
79% of all the executions and in 87% of the 60 larger graphs of the benchmark
when 10 executions per graph are considered.

This performance is compared to that of a recently appeared genetic al-
gorithm (GA) which clearly outperformed all the previous heuristics in both
solution quality and runtime. The solutions attained by GA are marginally bet-
ter than these of GBA. However, GBA clearly outperforms GA when runtime
is considered. Using as stop conditions those from which both algorithms have
attained these results and when the pre-processing time to reduce the graphs
size 1s not taken into account, GBA is about 11 times faster on average than
GA. Taking the pre-processing time into account, GBA turns out to be more
than twice as much faster than GA.

! This reordering does not affect the shortest path computation
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Abstract. In this paper we survey the work done for graphs on random
geometric models. We present some heuristics for the problem of the
Minimal linear arrangement on [0, 1]*> and we conclude with a collection
of open problems.

1 Introduction

The probabilistic method has become a powerful tool in combinatorics. A partic-
ular fruitful application of the probabilistic method has been the study of graph
invariants for random graphs (chromatic number, independence number, etc.).
The field started in 1959 with a paper by Erdos and Rényi [ER59]. In the last two
decades, the techniques developed in the probabilistic method have been used in
the design and analysis of algorithms. There have been two models of random
graphs: Given n € Nand 0 < p < 1, define G, , as the probability space over the
set of graphs on vertex set V = [n] = {1,...,n}, and such that any two vertices
t,j € V form an edge with probability p. For the second model, given n, m € I,
let G, be the probability space of the graphs with vertex set V = [n] and
edge set F,,, a random subset of m edges from all possible edges in the complete
graph on n vertices. In general G, ,,, will behave similarly to G,, , as p ~ m/ (g)
Recall that f ~ ¢ denotes that f/g — 1 as the variables tend to infinity. Erdos
and Rényi [ER60] considered the G, ,, model to study the threshold for several
questions related to the connectivity of graphs. To study the evolution of graphs,
they start with the empty graph on n vertices and add edges randomly one by
one until having the m edges. Their main result is that with high probabil-
ity (whp) a graph becomes connected when m > %ﬁ + O(n). Recall that a
sequence of events {&€,} occurs whp if Pr[€,] — 1 as n — oo. Therefore, for a
threshold of p = o(b—fﬂ), whp the graphs G/, , will be connected. Good sources
for random graphs are [Bol85,FM96] and chapter 10 of [ASE92]. See [MR95] for
the “adaptation” of the probabilistic method to the design of algorithms.

* This research was partially supported by the ESPRIT LTR Project no. 20244 —
ALCOM-IT, CICYT Project TIC97-1475-CE and CIRIT project 1997SGR-00366

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM’ 98, LNCS 1518, pp. 294-306, 1998.
[ Springer-Verlag Berlin Heidelberg 1998
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In this paper we will consider the geometric models of random graphs. Ge-
ometric random graphs are defined on the unit cube [0,1]% d > 2 by randomly
choosing a sequence X = {X,,} of independent and uniformly distributed points
on [0,1]¢. We can consider two main models: the Euclidian model, consid-
ering the weighted complete graph on X, where the weight of an edge is its
Euclidian distance (see section 2), and the random geometric model G, (r),
where the existence of edges depends on a parameter 0 < 7 < 1 that could be a
function of n (see section 3). There is another model of geometric graph, called
the independent model, where the distances are independent and identi-
cally distributed (i.i.d.) random variables from the uniform distribution on
[0, 1] and neither symmetry nor triangle inequality are assumed. The model, was
introduced in [Kar77], it is a difficult model to work with and we shall not en-
ter into it (see for example [AB92] and chapter 2 of [Wei78] for an interesting
discussion on the independent model).

Before going further, let us review some basic definitions from probability
theory. Recall than given a sequence of random variables {X,,} and a random
variable X, we say that X,, — X converges in probability if Ve > 0, Pr[|X,, —
X| > €] = 0asn — oo. Wesay that X, = X converges almost surely (a.s.)
if Pr[limsup X,, = X = liminf X,,] — 1 as n — oo. This type of convergence
is also called convergence with probability 1. Convergence a.s. is quite a
strong statement, but it is an asymptotic condition, it says nothing about finite
n. Convergence a.s. implies convergence in probability but not the converse. A
sufficient condition for convergence a.s. is the Borel-Cantelli theorem. (For good
treatments of stochastic convergence see, for example chapter 1 of [Wei78] or
chapter 4 of [Chu74]).

There are two different ways to get a set of uniform i.i.d. points on the unit
square [0, 1]¢ (they could be easily extended to the d-dimensional case):

1. The vertices are random variables X; 1.i.d. from the uniform distribution on
[0, 1]%

2. Use a two-dimensional point Poisson process with intensity n on R? and keep
the points that fall in the unit square.

Recall that a two-dimensional point Poisson process with intensity A is a process
of events in the plane such that (i) for any region of area A, the number of
events in A is Poisson distributed with mean gy = AA, and (ii) the events in
nonoverlapping regions are independent.

2 The BHH-theorem

One of the seminal papers in the area of probabilistic analysis of combinatorial
optimization problems in the Euclidian d-dimensional unit cube [0, 1]¢, Beard-
wood, Halton and Hammersley proved the following result [BHH59],

Theorem 1. Let X = {X;} be a sequence of independent and uniformly dis-
tributed points in [0,1]¢. Let L, denote the length of the optimal solution of
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the traveling salesman tour (TSP) among X. Then there exists a constant 0 <
B(d) < 0o such that

Ln

(d—1)
n-d

— A(d) a.s. as n = 0. (1)

It is still an open problem to obtain the exact value of the constants for
specific dimensions. Beardwood, Halton and Hammersley gave upper and lower
bounds for certain particular d, for instance for d = 2 they prove: 0.44194 <
B(2)/v/2 < 0.6508. The best know result 0.70 < B(2) < 0.73 was obtained
empirically by D. Johnson (see section 2.3 of [Ste97]).

Because the value of some of the steps in the proof of the BHH theorem,
let us give a sketch of the proof for the bidimensional case. The reader could
look into [Ste97] for filling the details and extend the proof to d-dimensions. The
basic steps in the proof of the BHH theorem are the following:

1. Show concentration around the mean value.

2. Bound (from above and below) the expected value.

3. Use (De)Poissonization to show the convergence to a constant of the mean
value.

The first step for the TSP problem can be achieved using either Talagrand
or Azuma inequalities, which together with Borel-Cantelli gives:

L, — E[L,] = O(logn) a.s. (2)

To get a rough upper bound on the size of E[L,] for the TSP in [0, 1]%, it is used
a dissection technique of the unit square. The square [0, 1]? is covered with
O(n) squares of size O(n="/? x n=Y2). An easy pigeon-hole argument gives a
constant ¢ such that for any set {z1,...,z,} C[0,1]%

min{|e; — x;] : {2, 2; € {&1,... ,2n}} <en Y2

Therefore the length [,, of the longest TSP tour verifies the recursion [, <
la—1 + 2en~ 12, and suming up the bound for the maximum gives an upper
bound on the expected value. So, for some constant co, E[L,] < con'/2.

To get the lower bound, it is used the fact that for any set of n independent
and uniformly distributed points in the unit square, there is a constant ¢; such
that

Blmin{]X: = X5 [{X:, X; € {X1,.., Xa}}}] > cin—1/2.

Furthermore any tour has n edges as large as the minimum distance, therefore
E[L,] > eint/? (3)

To extract asymptotics on ay = F[Lg] is useful to consider a continuous problem.
For any set S C R? let L(S) denote the length of the shortest tour through S.
Let IT denote a two-dimensional point Poisson process with unit intensity. We
can define a new stochastic process {Z(t)} by Z(t) = L(II[0,]?). The cardinality
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of the set I1]0,¢]? is a Poisson random variable with mean ¢2. Scaling by a 1/t
factor will made all the points fell into the unit square. Therefore the expected
value of Z(t) can be expressed in terms of ay,

From this formula it is possible to derive asymptotics for a;. Notice that the
fact that all a; are bounded shows that Z is a continuous function of ¢.

The key step in the proof, is a dissection technique of [0, 1]% that will give
a geometric subadditivity expression for L. Given any m € Nand? € R, > 0, let
{Qi},1 < i < m?, be a partition of [0,]? into squares of edge length t/m. We can
select one point from each subsquare @;, and compute a shortest TSP tour on
this set of points. Once we have this tour we can complete the tour gluing at each
point of the tour, the optimal subtour of the corresponding square. Therefore
the additional cost of the gluing process can be bound with the bound on L,
times the scaling factor, so there is a constant C' such that,

2

L{x1,..., e, }N[0,1]%) < L{z1,..., 2, NQy) + Ctm, (4)

3

o
Il

From equation (4) we get the recursion, E[Z(t)] < m?>E[Z(t/m)] + Ctm. Using
standard algebraic techniques, together with a change of variables it is shown
that there is a constant v such that

oQ

Zake_ttk/k’! O (5)
k=0

To de-Poissonize it is needed a relation between the a, values and the E[L,]

for a Poisson random variable with mean n. The key fact is that the a; values

do not change rapidly. Notice that it takes an additional cost of 2v/2 to join a

tour on n points with a disjoint tour on m points, to obtain a tour on the n+m

points. As the a; values are all bounded, it holds |a, — ax| < ¢|n — k|(4=D/4,
If NV is a Poisson random variable with mean n,

oQ

Elay] = are™"nf/k! and |a, — Elan]| < lan — agle™"n" /k!.
k=0 =0

This relation together with some algebraic manipulation gives that |a,—E[an]| =
O(y/n). Putting all together and transferring the result to the discrete problem,
5E[L,]/n? = v as n — oc. (6)

But notice that equation (5) gives the existence of 3 in the statement of the
BHH-theorem, equation (3) gives the 0 < 3(d) < oo condition and equation (3)
gives the a.s. limit.
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3 Other work on the Euclidian model

The dissection technique of the unit cube into smaller disjoint subcubes, has
been repeatedly used. In particular Karp [Kar77] used the dissection technique to
give an algorithm to approximate the Euclidian TSP on [0, 1]%. Given a uniform
i.i.d. set X in [0, 1]%, Karp’s algorithm consists in dissecting [0, 1]? into n/m(n)
squares {Q;}, each of size /m(n)/n. Then, whp every square will contain at
most m(n) points. Using dynamic programming, construct in polynomial time
an optimum tour in each square, so m(n) should be of order logn or better
loglogn. Consider each tour in each J; as a single point p;, and for any 1 <
i,j < n/m(n), define the distance between p; and p; as the shortest Euclidian
distance between any point in ); and any point in @);. Construct the minimal-
length spanning tree joining all the {p;} points (it can be done in O(nlogn)
steps [SHT75]). The solution to the TSP is the closed walk that traverses each
subtour once and each tree edge twice. Karp proves that asymptotically, with
probability 1 the algorithm tends to give near optimal solutions (it produces a
tour of length within (1+¢) of the optimal), and with probability 1 the algorithm
runs in O(n?logn) steps. The approximation heuristic of Karp was generalized
to the d-dimensional cube in [HT82]. Some work has also been done on the
Euclidian directed TSP on [0, 1], where the direction among any two random
points in [0, 1]? is choosed independently with probability 1/2. If D,, denotes the
length of the minimal Euclidian length on such a graph, Steele [Ste86] proves
that asymptotically E[D,] ~ y4/n for a constant 4. It is open to prove an
a.s. convergence result for the Euclidian directed TSP. As mentioned in the
introduction, we shall not consider the asymmetric TSP and refer the reader to
section 2.3.1 in [FM96].

The result of the BHH-theorem was extended to other combinatorial prob-
lems for the Euclidian model on [0, 1]¢, the minimum matching [Pap78], the
Steiner minimal tree [Ste81], and the minimum spanning tree [Ste88]. For further
work on this last problem see [AB92] and [Pen97a]. In fact, Steele generalized
the BHH-theorem for a class of combinatorial problems that could be formulated
as a subadditive Euclidian functional F' from finite subsets of [0, 1]¢ to the
nonnegative real numbers. The functional F' measures the cost that the problem
optimizes (length of tour, weight of the spanning tree, etc.). Define F' to be a
subadditive functional if it has the following properties:

F(®) =0,

Flexy...,can) =cF(x1...,2,),Ye >0,

F(l‘1+y,l‘2+y,“‘ 7xn+y) :F(l‘l,l‘g,"' 7xn) Vy € [Oal]da
Geometric Subadditivity

R

2

Flry...,zp) < F{xy..., 2o} N Q) + com,Teg > 0,Vm,n > 1
1

3

o
Il

where ); is the i-th square of size 1/m x 1/m.
5. F(e1...,20) < F(x1..., %0, Tng1).
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Notice that the geometric subadditivity is equation (4) in the proof of the BHH-
Theorem. Steele proved that for each problem in this class, there exists a constant
Br(d) (depending on F and d) such that with probability one we have

) F,
lim —= = Bp(d),
n—o0 n-4a
where F), is the optimal value of the functional under consideration for the graph
formed with the first points of X, (see chapter 3 of [Ste97]). It is an open problem
to determine the values of Bp for any of the interesting functionals, even for the
case d = 2.

An important set of problems motivated by the field of Computational Ge-
ometry are the following: Given a set X = {X;} of random points uniformly
distributed on [0, 1]%, we wish to find:

1. The length of the largest nearest-neighbor links defined by

Z = max min||X; — X;|>.
1<i<n j#¢
2. The length Ny n of the kth. nearest graph, in which each point is connected
to its k-th nearest neighbor.
3. The length V,, of the Voronoi diagram of the points X.
4. The length D, of the Delaunay triangulation of the points X.

For problem 1, Steele and Tierney [ST86] gave limiting distributions for Z, =
Z(X1,...,Xy). If the sample 7 is drawn uniformly from a d-dimensional torus,
for d > 3 the limit distribution in this case differs from the case where the space
X is drawn from [0, 1]¢,d > 3, due to the the boundary effects in the cube. This
result should be taken into account by those who do simulation involving the
computation of the nearest-neighbor procedure, for three or more dimensions
they should work on the torus instead of the cube. The study of asymptotic
dominance of the boundary with respect to the limit distribution of 7, was
continued in [DH&9], where they reinforced the results obtained in [ST86].

Avram and Bertsimas [AB93] studied problems 2,3 and 4 and use a Poisson
process with intensity n to get the set X of points uniformly distributed in [0, 1]%.
It is known that if L denotes the optimal length for each of the problems,

lim —E[Ln]

n—00 n1/2

— 8,

where in this case, the constant 3 for each problem is explicitly known [Mil70].
Avram and Bertsimas prove for each problem a central limit theorems,

L, — E[L,
Jim pr £ 27 P <o) = 0t
where @(z) is the Normal distribution function. They also prove that the rate

. . 143/4
of convergence in each problem is O(%).
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4 Random Geometric Graphs

Let us consider the following model of geometric graph: Given n € N and
r € [0, 1] define the random geometric graph G, (r) by selecting a set of points
uniformly from [0, 1]? to form the vertex set X = {Xy, X3,--+, X, }. So each ver-
tex X; is arandom variablei.i.d. Define the edge set E, = {(X;, X;)| ||Xi, X;]]o <
r}.

Notice we are using the L° norm on the unit square [0,1]%, that if X; =
(zi,y;) and X; = (z;, y;) the L* distance is defined by || X;, X;||cc = max{(z; —
23), (s — 3))-

Depending on the specific values of n and r, the G\, (r) could be dense or
sparse, connected or not connected, etc. Moreover, some of the techniques used
for the previous structures doesn’t seem work for G (r) (r < 1) (see section 6).
The following result is given in [AR97a],

Lemma 1. Given Gy (r), let Pr[r] denote the probability that any two vertices
Xi, X; from the vertex set X form an edge (i.e. || Xi, Xj||oo < 7). Then,

Pr[r] = (2r — r%)%

Define the random variable &, (r) = | F,| then,

in () = <g> Pr[r].

In fact,
Fon(T)
(2)
Moreover Apple and Russo study the ratio of convergence when both n and

r(n) evolve. The basic condition that the sequence {r,} must satisfy is that as
n — 0o,

— Pr[r] a.s.

2

nr
~ 7
logn_>c 0

for a constant ¢ € (0, oc].

Notice that equation (7) imposes a threshold condition r = £2(4/ lo—gﬂ) on the

evolution of r as n evolves to co. The reason for this threshold is that it keeps
G (r) connected. An important issue in the G, (r) graphs is the connectivity.
Define the connectivity distance ¢, of a random geometric graph by

¢n = inf{r|Gy(r)is connected }.

Apple and Russo prove that asymptotically

¢, =0 ( logn) a.s.
n
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Penrose [Pen97b], generalized the connectivity result to any metric LP,2 <
p < oo, proving that asymptotically, with high probability, if one starts with
single vertices and adds the corresponding edges as r increases, the resulting
graph becomes (k + 1) connected at the moment it achieves a minimum degree
of k + 1. Recall than in the Erdos— Rényi model for random graphs G, the
connectivity threshold is logn/n [Bol85]. Therefore, both models have similar
behavior for connectivity, but while in the &}, , model, the edges are independent,
the edges in the G, (r) can have non-zero correlations.

Under the threshold condition of equation (7), Appel an Russo give almost
sure asymptotic rates of convergence (divergence) for several graph parameters.
For example, they prove that as n — oo, the rate at which the minimum vertex
degree A, (ry) of Gy(r,) diverges, is that of any particular vertex in G (ry, ).

For a related parameter, let w,(r) denote the clique number of G, (z).
To get a bound on wy(r) once more we use dissection. Let [ € N be such that
[ <1/r <1+ 1. Dissect [0,1]* in (I + 1)? squares {Q;}, each Q; of side at most
7, therefore all the points inside of any @); belong to a common clique in G, (z),
which implies that n < (I + 1)%w,(r) so we get the bound,

7'L7°2

wn(r) > RESYIEE

Other related parameter is the chromatic number x,(r) of G, (z). From
standard graph theory it is easy to see that wy(r) < xn(r) < A,(r) + 1 and
Ap(r) < wy(2r) — 1. Using these inequalities, Apple and Russo gave theorems
on the rate of convergence of w, () and x,(r) when {r,} satisfies equation (7).
They also give asymptotic rates of growth for the independence number 3, (r)
of G\p(z), under the assumption that {ry,} satisfies equation (7). To prove this
statement, they need an upper bound on §,(r). To get it, they use dissection.
Let {X;,,---,X;,, } be an independent set (in the graph theoretical sense) of a
random graph in G, (r). Notice that the set of open squares {O;,} with side r
and centered at X;, must be disjoint. Moreover the area of each O; is r%. Using
a pigeon-hole argument we can conclude that m < (14 1/r)%. This must be true
for the largest independent set, so for all n and r 8, (r) < (14 1/r)2.

In a sequel paper, Appel and Russo [AR97b] prove that under equation 7, the
minimum degree §, (7, ) of G\, (r,) has an asymptotic convergence of £2(log n).

5 The MinLa Problem

Given an undirected graph G = (V, F) with |V| = n, a layout of G is a one-
to-one function ¢ : V' — [n]. The minimum linear arrangement problem, from
now on denoted MINLA , is a combinatorial optimization problem formulated as
follows: given a graph G = (V, E), find a layout ¢ of G that minimizes the cost

co =Y lp(u) — p(v)l.

uveEE
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MINLA is an interesting and appealing NP-hard problem with several different
applications in Computer Science and Biology [DPSS98]. However, there exist
exact polynomial time solutions for some particular kinds of graphs. The lack
of efficient exact algorithms for general graphs has given rise to the possibility
of finding approximation algorithms. An approximation scheme of MINLA for
dense graphs was presented in [FK96]. Moreover, a O(logn) approximation for
general graphs and a O(loglogn) approximation for planar graphs is proposed
in [RR98]. An study on the G, , model for sparse graphs is given in [DPST98].
An experimental analysis of several heuristics for this problem is given in [Pet98§],
where it is observed that approximating geometric random graphs is harder than
approximating standard random graphs.

Let us consider geometric graphs G, (r) when r = y/clogn/n for some con-
stant ¢ € RT. As we shaw in the previous section, whp such a graph is connected
and its expected number of edges is @(n logn). Moreover, for a particular ran-
dom graph, the real value of the number of edges is concentrated around the
expectation. Random geometric graphs are not planar in general, therefore we
can approximate the MINLA on these graphs within O(log n) using the algorithm
from [RR98]. However we can get weaker approximability results but using much
more practical methods.

Let us consider the MINLA problem for such a graph. There are n! different
layouts for G, (7). We can define the average linear arrangement cost as the
normalized sum of the costs of all layouts. It is well known that given any graph
with n vertices, the average length of an edge over all layouts is (n+1)/3. Thus
we get,

Lemma 2. The expected value of the average linear arrangement cost for a

graph G € Gp(r) is ©(n?logn).

In the G/, , model the average over all layouts is of the same magnitude as the
minimum [DPST98]. However this does not hold anymore for random geometric
graphs, as we will see that the minimum value is of smaller magnitude.

We first derive a lower bound for the minimum linear arrangement that holds
for almost all random geometric graphs and then analyze two heuristics to obtain
an upper bound.

The lower bound. C0n81der [0, 1]%and dissect it in an/logn disjoint squares each

of size an for some fixed (but arbitrary) constant «. A pigeon-hole
\/ logn \/ log

type of argument will give us the following result,

Lemma 3. Fvery square contains at least one vertex and at most alogn vertices
whp.

Using the first part of this lemma we can obtain a lower bound:

Theorem 2. There exists a constant ¢y such that whp, for any layout ¢,

c1(n/logn)®? < e,.
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Proof. Conditioning on the event of lemma 3, after dissecting the square [0, 1]?,
we have one node in each square. Taking o = r/2 the only possible connections
correspond to neighboring cells. Therefore whp our graph contains a squared
mesh with an/logn points. In [MD86] and [MP80] it is shown that the optimum
linear arrangement for a mesh n x n has cost 0.868n> + O(n?). We can apply
the known optimal value for our mesh to obtain the claimed lower bound.

To obtain upper bounds we consider two natural heuristics for the MINLA

problem on geometric graphs. These are the dissection and the projection heuris-
tics.

The dissection heuristic. Given a geometric graph in G, (r),

an an

1. Dissect [0,1]? into a(n/logn) disjoint squares each of size , [ —— x .
logn logn

2. Assign to all vertices in the same square consecutive numbers. By our selec-
tion of «, all vertices in the same subsquare are connected.

3. Sort the squares following the up to down and left to right fashion and follow
this order to assign numbers to vertices.

Let Dg, (r) denote the cost of the layout obtained using dissection.

Theorem 3. There exist a constant co such that whp,

D¢, (r) < (canlog n)3/2.

Proof. To prove the upper bound, given Gy (r) and a dissection as before we
construct a new graph G* by adding extra vertices until all squares have logn
vertices inside. The edges will be all possible connections between vertices in
the same squares and all the connections of all the vertices in a square with the
vertices in neighbor squares. Clearly, this construction is not always possible, it
may be the case that a square has more than logn vertices, but by lemma 3, we
can assure that whp G* is a supergraph of G, (7).
Applying the dissection heuristic to G* we get the upper bound.

The projection heuristic. The projection heuristic is also quite natural: the pro-
jection of each vertex into the z-axis induces a natural linear ordering of the
vertices. Another way to see this heuristic is to slide a vertical line starting from
position 0 to 1, and number vertices in the order the line touches them.

Let Pg, (r) denote the cost of the layout obtained using the projection heuris-
tic.

Theorem 4. There exist a constant ¢z such that whp,

Pa, (r) < (canlog n)3/2.
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Proof. As the points are distributed uniformly, the expected length (on the pro-
jected layout) of any edge is n times the distance of the two end points projection.
Furthermore, the real distance is close to the average whp.

Therefore, as the distance between the projections is bounded by the value
of r we have that whp Pg, () < nmr. Substituting with the right parameters we
get our bound.

Combining with the lower bound, both heuristics provide a O(log3 n) ap-
proximation algorithm to MINLA on almost all random geometric graphs. These
algorithms have an approximation ratio worse than the error bound of O(logn)
in [RR98] although the algorithm described by Rao and Richa is extremely in-
genious, it has the drawback of using the ellipsoid method and, thus it is not
feasible for large graphs. On the other hand, the algorithms described here are
simple to apply.

6 Open Problems

Concerning the MINLA problem and analogously with other problems, there are
several natural questions to ask:

— What is the right order of magnitude of the mean value of the minimum
linear arrangement cost over all graphs in G, (r)?

— Is the minimum layout cost on G, (r) concentrated or not around this mean?

— Finally, is there some BHH type result for this measure? In this case, one
may ask which is the limiting constant.

There are some subtle impediments when trying to answer these questions.
Let us point out the main difficulties:

— Although when we partition the graph into pieces we can compute a layout
from optimal layouts on the disjoint pieces, the additional cost is not a linear
function of the piece size. Furthermore, the piece size must be related under
some conditions with the selected value of r.

— The measure we are considering is discrete: Although the distance in the
geometric graph has some good properties, we measure integer distances.
Therefore, a scaling of the values will not scale the minimum cost. The only
property that we can show is that if the transformation (scaling) creates a
subgraph (supergraph) of our random graph then the cost in the new scaled
graph is upper (lower) bounded by the cost in the original graph.

— We loose monotonicity: notice that the sequence {r(n)} that we choose to get
random sparse geometric graphs is decreasing. Therefore adding a point may
change the graph dramatically, so that the new graph is neither a supergraph
nor a subgraph of the previous one.

On the other hand, random geometric graphs seems to be formed by small
clusters, that form a clique expanded in the same fashion. Therefore, it seems
that they could also be related to some cases of bounded tree-width graphs. It is
an open problem to analyze the expected tree-with of such graphs for different
sequences of radio.
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Abstract. In this paper we study a neural network model of self-orga-
nization. This model uses a variation of a Hebb rule for updating its
synaptic weights, and surely converges to the equilibrium status. The
key point of the convergence is the update rule that constrains the total
synaptic weight and this seems to make the model stable. We investigate
the role of the constraint and show that it is the constraint that makes
the model stable. For analyzing this setting, we propose a simple proba-
bilistic game that abstracts the neural network and the self-organization
process. Then, we investigate the characteristics of this game, namely,
the probability that the game becomes stable and the number of the
steps it takes.

1 Introduction

How does the brain establish connections between neurons? This question has
been one of the important issues in Neuroscience, and theoretical researchers
have proposed various models for self-organization mechanisms of the brain. In
many of these models, competitive learning, or more specifically, competitive
variants of a Hebb rule have been used as a key principle. In this paper, we
study one property of such competitive Hebb rules.

As one typical example of self-organization, “orientation selectivity” [WH63]
has been studied intensively. In the primary visual cortex (arealT7) of cats, there
is some group of neurons that strongly reacts to the presentation of light bars of
a certain orientation, which we call orientation selectivity. An interesting point
is that in a very early stage after birth, every neuron reacts to all bars of every
orientation. This indicates that orientation selectivity is obtained after birth;
that is, each neuron selects one preferred orientation among all orientations.
To explain the development of orientation selectivity, a considerable number of
mathematical models have been investigated; see, e.g., [Swi96]. Although these
models may look quite different, most of them use, as a principal rule for modi-
fying synaptic strength, a competitive variant of a Hebb rule, which is essentially
the same as the rule proposed in the pioneer paper of von der Malsburg [Mal73],

* Supported by ESPRIT LTR Project no. 20244 - ALCOM-IT and CICYT Project
TIC97-1475-CE.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM’98, LNCS 1518, pp. 307-318, 1998.
© Springer-Verlag Berlin Heidelberg 1998
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the paper that first gave a mathematical model for the development of orienta-
tion selectivity.

A Hebb rule is a simple rule for updating, e.g., the weight of connection
between two neurons. The rule just says that the connection between two neurons
is strengthened if they both become active simultaneously. This rule has been
used widely for neural network learning. Von der Malsburg constrained this
updating rule so that the total connection weight of one neuron is kept under
some bound. In this paper, we call this variation of a Hebb rule a constrained
Hebb rule. He showed through computer experiments that orientation selectivity
is surely developed with his constrained Hebb rule.

Since the work of von der Malsburg, many models have been proposed, and
some have been theoretically analyzed in depth; see, e.g., [Tan90]. For example,
a feature of various constrained Hebb rules as a learning mechanism has been
discussed in [MM94]. Yet, the question of why orientation selectivity is obtained
by following a constrained Hebb rule has not been addressed. Note that the
development of orientation selectivity is different from ordinary learning in the
sense that a neuron (or, a group of neurons) establishes a preference to one
particular orientation from given (more or less) uniformly random orientation
stimuli. In this paper, we discuss why and how one feature from equally good
features is selected with a constrained Hebb rule.

In order to simplify our analysis, we propose a simple probabilistic game
called “monopolist game” for abstracting Hebb rules. In the monopolist game,
an updating rule corresponds to game’s rule and the selectivity is interpreted as
that a single winner of a game — monopolist — emerges. Then, we prove that
a monopolist emerges with probability one in games following a von der Mals-
burg type rule. On the other hand, we showed theoretical evidence supporting
that (i) the chance of having a monopolist is low without any constraint, and
(ii) a monopolist emerges even under a rule with a weaker constraint. These
results indicate the importance of constraint in Hebb rules (or, more generally,
competition in learning) to select one feature from equally good features.

We also analyzed how fast a monopolist emerges in games following a von
der Malsburg type rule. This analysis can be used, in future, to estimate the
convergence speed of constrained Hebb rules. (In this extended abstract, some
of the proofs are omitted. See [DWY98] for those proofs.)

2 Von der Malsburg’s Model and Monopolist Game

Here we first explain briefly the model considered by von der Malsburg. (Von der
Malsburg studied the selectivity for a set of neurons, but here we only consider
its basic component.)

Neural Network Structure

We consider two layer neural network. In particular, we discuss here the orien-
tation selectivity for one neuron, and thus, we assume that there is only one
output cell. On the other hand, the input layer consists of 19 input cells that
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are (supposed to be) arranged in a hexagon like the ones in Figure 1. We use i
for indicating the ith input cell, and IN for the set of all input cells.

Stimuli and Firing Rule

We use 9 stimuli with different orientations (Figure 2), which are given to the
network randomly. Here e indicates an input cell that gets input 1, and o indi-
cates an input cell that gets input 0.

[ON O] ® 0O ® OO
00O O 0O O 0O O OO
O O OO OO e e OO0 e ® O OO
OO0 000 C000O 00000 000 OCGO
O 0O 0O ® 0 OO0 ® O OO0 OO0 e
00O O 0O O 0O O OO
inputs
O 0O ® OO ® 0O

Ce0e000O OCOMOO0O OO @O0
Fig. 1. Neural network model. coee coee ©O @O0
00O 0o e cee

Fig. 2. Nine stimuli.

We use a; to denote input value (either 0 or 1) to the ith input cell. The
output value V' is computed as V = Th, (EieINwiai)’ where w; is the current
synaptic strength between the output cell and the ith input cell. Th,(z) is a
threshold function that gives x — p if > p and 0 otherwise, where p is given as
a parameter.

Updating Rule

Initially, each weight w; is set to some random number between 0 to some con-
stant. The weights are updated each time according to the following variation
of a Hebb rule, which we call the constrained Hebb rule (of von der Malsburg).

w; = w; + cinea;V, and w; = wi x | W/ Z wy,
keIN

Where c¢ipe (which is called a growth rate) and Wy (total weight bound) are con-
stants given as parameters. The first formula may be considered as the original
Hebb rule; on the other hand, the second one is introduced in order to keep the
total weight within Wy. (In fact, it is kept as Wy.)

With this setting, von der Malsburg demonstrated that the selectivity is de-
veloped through computer simulations. Thus, it seems likely that some selection
occurs even from uniformly random examples, and that the constraint of the
von der Malsburg’s rule is a key for such a selection. In this paper we would
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like to study this feature of the constrained Hebb rule. For this, we further sim-
plify von der Malsburg’s computation model, and propose the following simple
probabilistic game.

Monopolist Game

Basic Rule: Consider a finite number of players. Initially they are given the
same amount of money. The game goes step by step and, at each step, one
of the players wins where all the players have the same winning probability.
The winner gets some amount of money, while the others lose some.
Details: A player who loses all his money is called bankrupt. Once a player
becomes bankrupt, he cannot get any amount of money, though he can still
win with the same probability. (See below for the motivation.)

Goal: The game terminates if all but one player become bankrupt. If the
survived player keeps enough money at that point, then he is called a mo-
nopolist. We call a situation when a monopolist appears a monopoly.

Notations. We use n and n’ to denote the number of initial players and that
of the remaining (not being bankrupt) players at some fixed step, and use i,
1 < i < n, to denote players’ indices. Throughout this paper, each player’s
wealth is simply called a weight, and let w; denote the i-th player’s current
weight. Let I and Wy respectively denote the initial weight of each player and
the total amount of initial weights; that is, Wy = nl.

The connection of this game with von der Malsburg’s computation model is
clear; each player’s weight corresponds to the total synaptic strength between
the output cell and a set of input cells corresponding to one type of stimulus,
and the emergence of a monopolist means that the network develops preference
to one orientation. From this correspondence, it is natural to require that even a
bankrupt player can win with the same probability 1/n, which reflects the fact
that the probability of a stimulus of each orientation appears is the same no
matter how neural connections are organized.

An updating rule of players’ weights corresponds to a rule of changing synap-
tic strength in the network. Here we can state updating rules in the following
way. (In the following, let iy denote the player who wins at the current step.)

_ Jwi+ fine — fdec, if ¢ =g, and
w; = .
w; — fdec, otherwise.

Here fine and fgec are the amount of increment and decrement at each step
respectively, and one type of monopolist game is specified by defining fi,. and
faec- In the following, we assume that these values are determined from w;,
wjy, n, and n'. From the relation to von der Malsburg’s computation model, we
require that both fin. and fgec are 0 if w; = 0; that is, once a player loses all
money, he stays forever in the 0 weight state. (In the following, we will omit
stating this requirement explicitly.)
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Now we consider the rule that corresponds to the constrained Hebb rule of
von der Malsburg’s rule. For constant ¢, it is defined as follows:

fine = Cine, and faec = Cinc/nl- (1)

(Recall that n' is the number of currently remaining players.)

Note that with this rule, the total amount of wealth is kept constant. Thus,
in this sense, it corresponds to von der Malsburg’s rule, and we call it constrained
rule. Note that we may also consider a similar rule such that fi,. is not constant
but proportional to w;. (Similarly, fgec is also proportional to w;.) This rule
might be closer to the original von der Malsburg’s rule. This difference is, how-
ever, not essential for discussing the probability of having a monopolist, i.e., for
our discussion in Section 3. On the other hand, there is a significant difference
in convergence speed; but roughly speaking, the difference disappears if we take
the log of weight. Thus, we will discuss with the above simpler rule.

3 Importance of Competition

Here we compare three different updating rules for monopolist game, and show
that constraint in the rule is an important characteristic to derive a monopolist.
From this, we could infer that some sort of constraint, (or, more generally, com-
petition) is important in learning rules for selecting one feature among a set of
features through a random process.

In the following, we consider the following three updating rules: (1) con-
strained rule, (2) local rule, and (3) semi local rule. Below we define these rules
(except (1) that has been defined in the previous section) and discuss the prob-
ability P, that a monopolist emerges.

Constrained Rule
We show that under constrained rule, P, is 1, that is, a monopolist emerges with
probability 1.

A monopolist game in general expressed by an one-dimensional random walk.
More precisely, for any ¢, we can express the player i’s wealth w; as the following
random walk.

0 A

L

~N_ N

Vi dec S inc

Fig. 3. One-dimensional random walk.

Note that the particle (i.e., the weight w;) moves to the left (resp., to the
right) with probability 1 — 1/n (resp., 1/n). The left (resp., right) end of the
interval means that the player i becomes bankrupt (resp., a monopolist). Thus,
these two ends are absorbing walls.

In a monopolist game under constrained rule with n = 2, we have fin. =
Cine/2 and faec = Cinc/2. Hence, the above random walk becomes standard one
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(see, e.g., [Fel68]), and it is well-known that the particle in such a standard
random walk goes to one of the absorbing walls in finite amount of steps with
probability 1. This proves that P, = 1 when n = 2. Then by induction, we can
prove P, = 1 when n > 2; thus, we have the following theorem.

Theorem 1. Under constrained rule, a monopolist emerges (in finite amount
of steps) with probability 1.

Local Rule

In the constrained rule, for computing fqec, we need the number of remaining
players; that is, weights cannot be updated locally. In general, in order to be
competitive, an updating rule must not be local. Thus, to see the importance of
competition, we consider here the following purely local updating rule.

finc = Cine, and fdec = Cdec- (2)

Notice that for this local rule (and the next semi local rule), the notion of
monopolist is less clear than in the case of a game with a constrained rule,
because the notion of “enough amount of money” is not clear. Here we simply
consider it as Wy /2, a half of the total initial weight. That is, we regard a
single survivor as a monopolist if his weight is more than Wy /2; hence, P; is the
probability that the game reaches to the state where w;, > Wy/2 for some i
and w; = 0 for the others i.

We first discuss one feature of this updating rule. In the following, let us fix
Cdec = 1. Our computer experiments show that the probability of having a single
survivor (in a reasonable amount of steps) drops rapidly when cine > n+ 1. The
reason is clear from the following fact.

Theorem 2. Fiz cqec to be one, and consider one player’s weight. For any t,

.o Cinc
it increases, by t(
n

— 1) on average, after t steps.

Thus, if ¢ine > n, then it is quite likely that all players increase their weights,
and thus no bankrupt appears in the game. On the other hand, if ¢ < n, then
every player dies quickly, and hence, no monopolist occurs even though someone
may become the last player. This means that the most crucial case is the case
Cine = n. Next we discuss P, for such a case.

Recall that P, is the probability that, at some point in the game, all but one
players become bankrupt and that the survivor has weight > Wy /2. Since it is
difficult to estimate P, directly, we analyze the following probability P/ instead
of P,: Pj is the probability that at least one player’s weight reaches to Wy /2 and
no more than two players have weight larger than a sufficiently large value, say,
EWy for some k& > 0. Notice that if a monopolist emerges at some point, then
clearly, someone needs to reach Wy /2 in the game. Furthermore, it is unlikely
that two players reach to kW, and one of them become bankrupt afterwards.
Thus, we may regard P, as an upper bound of P,. For this P, we have the
following bound.



A Role of Constraint in Self-Organization 313

Theorem 3. For any Wi and sufficiently large Wy, we have

P, < (1 B W2I+ n)n + IT/LV_IQ(I B WQI+ n)n_l B (1 B Wil)n

For example, by taking W; and W, as ”71 and knl respectively, we have

Pi < efl/(kl+1) +€71(n71)/(k1+1)n/k—672 ~ (1+1/k)671/k_672’

which is less than 0.6 if ¥ = 1. On the other hand, our computer experiments
show that P, is less than 0.5 for various sets of parameters.

Semi Local Rule

As a third updating rule, we consider somewhat mixture of the above two rules.
It keeps a certain amount of locality, but it still has some constraint. This rule
is defined as follows.

finc = min(cinC7WO _ij)a and fdec = Cdec- (3)
J

That is, we want to keep the total weight smaller than Wy, where W, is the
total initial weight. Thus, a winner can gain ¢ine (in net, cine — cdec) if there is
some room to increase its weight. In this case, only the winner needs to know
the current total weight, or the amount of room to the limit Wy, and the other
players can update its weight locally.

Our computer experiments show that the probability P, that a monopolist
emerges is fairly large if ¢y, is large enough, say c¢jpe > 2n. On the other hand,
P, gets small when ¢, is small, which is explained in the same way as local
rule. Although we have not been able to prove that P, is large for sufficiently
large cine, we can give some analytical result supporting it.

Here instead of analyzing P., we estimate (i) the average number of steps until
all but one players become bankrupt, and (ii) the average number of steps until
the total weight (which is initially Wy) becomes Wy /2. Let Ty, 51 and Ty, w, /2
denote the former and the latter numbers respectively. We prove below that
Tyt is smaller than Ty, _,w, > if Wo is large enough. This means that it is
likely that at the time when all but one players become bankrupt, the total
weight, which is the same as the survivor’s weight, is larger than Wy /2, that is,
the survivor is a monopolist.

Theorem 4. Fix again cqec to be one. For large n, if I > (In6)n(n — 2) and
Cine > 2n, then we have Ty, sw,/2 > Th1-

4 Efficiency Analysis

In this section we discuss how fast a monopolist emerges in games with con-
strained rule. We estimate an upper bound on the average number of steps
needed for monopoly to emerge, and we give some justification (not a rigorous
proof) supporting that it is O(n®Inn(I/cine)?).
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We start with some definitions and notations that are used through the sec-
tion. Here we modify our monopolist game and define a variation of it. Let game,
denote the original monopolist game and let game; denote a variant of game, in
which no bankrupt player can win. That is, in game,, the winning probability
of the remaining players is 1/n' instead of 1/n. As we will see game, is useful
for induction and it is easier to analyze.

These two game types are defined on different probability spaces. Let us
define them more precisely. For all two game types, (the execution of) a game
is specified by a game sequence, i.e., a string from {1,...,n}* that defines a
history of winners. (Precisely speaking, we also need to consider infinite strings;
but as we will see below, we may ignore infinite strings.) We say that a game
sequence z kills a player i if w; becomes 0 (or, negative) in the game following x
just after the end of x, and we say that = derives a monopolist if the second last
player is killed and monopoly emerges just after z. We say that a game sequence
x is valid (resp., strongly valid) if it derives a monopolist and no prefix of it
derives a monopolist (resp., ¢ contains no indices of previously killed players).
Note that the meaning of these notions may vary depending on game types. Now
for any n, let X,, (resp., Y,,) be the set of game sequences for n player games
that are strongly valid w.r.t. game, (resp., valid w.r.t. game,). For each z in
X, its probability Pr{z} is n~/*/. On the other hand, the probability i’vr{y} of
y € Y, depends on the number of remaining players, and it is rather complicated.
(We omit specifying Pr{y} because it is not important for our discussion.) Note
that X, and Y;, are all prefix free. Also it is not hard to show that Pr{X,} and
ﬁ{Yn} are one. (For example, Pr{X,,} = 1 follows from Theorem 1 .) Therefore,
we may regard X,, and Y, as the probability spaces of the corresponding games,
and we do not have to worry about infinite strings.

We denote by T'(n,I1,...,I,) (resp., T1(n,I,...,I,)) the number of steps
needed until monopoly emerges in game,, (resp, game, ) with n players and initial
weight I, ..., I,. When all the weights are equal, we use the simpler notation
T(n,I). Our goal is to get some upper bound on E[T'(n,I)]. But instead, we
will analyze an upper bound on E[T} (n, I)], which gives us an upper bound on
E[T(n,I)], as the following lemma guarantees.

Lemma 5. There ezists ¢ such that for any sufficiently large n and any I, we
have E[T (n,I)] < einE[Ti(n,I)].

Now we analyze the convergence speed of game;. For our analysis, we s-
plit a game execution into stages where each stage is a part of the game un-
til some amount of players become bankrupt. More specifically, we denote by
ti(n,I,...,I,) the number of steps needed in a game with n players and initial
weights I, ..., I, until at least 1 player becomes bankrupt. The following lemma
relates the two terms T4 (n, I1,...,1I,) and t;(n, I1,..., I,,).

Lemma 6. For any n and Iy,...,I,, there exrists a constant ca, co > 1, and
weights I, ..., I, such that the following inequality holds.

n—ca

E[Tl(n,Il,...,In)] S E[tl(n,Il,...,In)]+E[T1(n—02,I{,... I’ )]

’)Tn—ca
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Proof. Let Y C Y, be the set of all valid game sequences y such that the number
of players becomes strictly smaller than n for the first time just after y. By
definition of E[T}(n, I ,...,I,)], we have the following equality.

E[Ty(n, L, I)] = ) Pr{z}-lz| = 3 Pr{yz}(lyl +Iz)).

TEYn ZEYn,yeEY
wmye
Notice here that we can split i’vr{yz} in two factors, f’vr{y} and i’vry{z}, where

f’vry{z} determines the probability of z after the game follows y. Also note that
the set Y, of strongly valid z depends on y. Thus, we can rewrite the above
expression as follows.

E[Tl(n,Il,,\_,/In)]N N N
= > 3 Pe{ydPr{z}-lyl+ 3 D Pr(y)Pr{=) - |2

yeY zeY, yeY zeY,
= | D Privtyl | D Pr{z}+ ) Pr{y} (Z Pr,{z}- |Z|>
yey z€Y. yey 2€Y.
= E[tl (TL, Il: E) In)] Z Pry{z} + Z Pr{y}E[Tl (nya Iil(y)) o )Iiny (y))]
2€Y> yey
< Eti(n,Li,..., L)+ E[Ti(n =, I],.... I, _.)]
where the values of n, and I;, (), . - - ,Iiny(y) are determined by the result of the

game following y. On the other hand, ¢’ and I are chosen so that the value of
E[T1(ny, Ii; (y), - - -, i, (y))] is maximized. These values always exist since even
if there is an infinite number of game sequences y that appear on the summation,
there is only a finite number of possible values for n, (since n, must be between

Land n —1) and Ij;(y) (since 3_; I;; () = In).

By this lemma we can use induction for bounding the expected value of T.
Recall that when analyzing t1(n, I, ..., I), by the way it is defined, no player
becomes bankrupt, and thus, the amount of decrement is fixed to cinc/n. Thus,
game; until at least one player becomes bankrupt is regarded as a n-dimensional
random walk, which is much easier to analyze. In fact, we can use the following
lemma.

Lemma 7. Let X be a random variable that is 1 with probability 1/n and 0

with probability 1 —1/n, and let S = X1+ ...+ X, the sum of the outcomes of t
random trials of X. Then, for some constant a > 0, the following holds for any

t and n.
Pr{Sg f—a,/f} > 1/3.
n n

Proof. We estimate the probability that the statement of the lemma is false and
show that it is less than 2/3. That is, we upper bound the following probability.
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Pr{S>£—a\/z} = Pr{S>£}+Pr{zZS>£—a\/Z}.
n n n n n n

The first term in the sum is bounded by 1/2; see, e.g., [JS72]. Let s be the
smallest integer such that s > t/n — ay/t/n. We calculate, by using Stirling’s
approximation, the second term of the above sum as follows.

iz 20 6 02 £
s; QM.(:_” (ti) <t;i> (n—ni)tn

t/n

= z:: 27ri(:—i) (2(8:1))>t (i(;_—in)i‘

t N
Also routine calculations show that (58:3) (i(f:l)) is always less than 1 for

s <4 < t/n and that this factor is maximized when i = ¢/n. From this by simple
calculation, we obtain the desired bound with o = +/m/12.

Now we are now ready to make the following claim3.

E[T(n,1)] = O (nlnn (CI”>Q> .

Justification. We start with estimating E[ti(n, I1, ..., I;,)] by using the above
lemma. For a given ¢ and for any i, let ¢; be the number of times that player i
wins within ¢ steps. Then w;, the weight of player i, in game, is expressed as
follows.

Claim.

t
w; = I;j + Cincti — Cdect < I + Cine | B — ~ )

(For simplifying our notation, we use ¢ to denote c¢inc in the following.)

Moreover, since game; until at least one player becomes bankrupt is regarded
as a n-dimensional random walk, we can use Lemma 7 to show that the following
event happens with probability bigger than 1/3.

t t t ot [t
wi:Ii—l-c(ti——) §Ii+c<——a\/j——> = I; —coy/ —.
n n n o n n

3 We do not have a rigorous proof for this result, and for this reason we stated it as a
claim.
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Therefore, with probability more than 1/3, the weight of player i becomes
zero or negative if ca\/t/_n > I;, that is, t > (I;/ca)?*n. Now sort players by
their initial weights, and define P to be the set of the first (i.e., the smallest)
n/2 players. Since the total weight is Wy (at any step), all players in P have
weight at most 2Wy/n and therefore,

2Wo )\ 2 1
Pr{wiSOint0:n<—0> steps|i € P} > —.
neo 3

Moreover, if we can assume that each player in P become bankrupt indepen-
dently, we also have the following probability:

9 n/2
Pr{ There exists i € P, such that w; < 0in ¢ steps} > 1— <§> .

From this observation, it is reasonable to bound E[ts(n, I1,...,I,)] by csto

for some constant ¢z since for most of the valid game sequences (a 1 — (2/ 3)n/ 2

fraction of them) this bound holds.
Now combining the above lemmas and the obtained bound, we have

E[Tl(n I)] tl(n Il,...,l )]—{—E[Tl(n—cQ,[l,...,[;l C2)]
2Wy

(nca) VE(n - en T T, )]

2o 2o\’
nca) +ea(n—1) <(n— 1)ca>
E[T1 (n 02,[1,... r_)]

’nc

W[) In 2
<ecglnn|—) <cglnn|—) , for some constant c,.
ca c

From this and Lemma 5, we obtain the desired bound.
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CONSTRUCTIVE BOUNDS AND EXACT EXPECTATIONS
FOR THE RANDOM ASSIGNMENT PROBLEM

DON COPPERSMITH AND GREGORY B. SORKIN'

ABSTRACT

The random assignment problem is to choose a minimum-cost perfect matching in a complete
n X n bipartite graph, whose edge weights are chosen randomly from some distribution such as
the exponential distribution with mean 1. In this case it is known that the expectation does not
grow unboundedly with n, but approaches a limiting value ¢* between 1.51 and 2. The limit is
conjectured to be ¢* = 7%/6, while a recent conjecture has it that for finite n, the expected cost

is FA* = E:'L:l l/iz.

By defining and analyzing a constructive algorithm, we show that the limiting expectation is
¢* < 1.94. In addition, we generalize the finite-n conjecture to partial assignments on complete
m X n bipartite graphs, and prove it in some limited cases. A full version of our work is available

as [CS98].

1. INTRODUCTION

The assignment problem, a special case of the transportation problem, is to find a minimum cost
perfect matching in an edge-weighted bipartite graph. The expected cost of a minimum assignment,
in a randomized setting, seems first to have been considered by Donath [Don69]. If A4 is a complete
n X n bipartite graph whose edge weights are independent and identically distributed (i.i.d.) random
variables (r.v.’s) in the interval (0,1), Donath observed through simulations that, as n — oo, the
cost appeared to tend to some constant ¢* between 1 and 2.

Walkup proved that limsup,,_, . EA* < 3, by showing that for large n a certain “2-out” subgraph
containing only edges of small weight is likely to contain a perfect matching [Wal79]. The method was
made constructive (and efficient) by Karp, Kan, and Vohra [KKV94]. Karp [Kar84, Kar87] showed
that FA* < 2, by analyzing the problem’s linear program (LP) and its dual; the method was quickly
generalized by Dyer, Frieze, and McDiarmid [DFM86].

Lazarus proved that liminf, .., FEA* > 14 1/e [Laz79, Laz93]. His method can be viewed as
exploiting the dual LP, but is also easy to understand naively; we will develop the result later.
Lazarus’s methods were extended at about the same time by Goemans and Kodialam [GK93], who
showed a lower bound of 1.41, and by Olin [01i92], who showed a lower bound of 1.51.

On a different front, Aldous [Ald92] proved that as n — oo, A* converges to a well-defined limit
¢*, in distribution as well as expectation. Aldous also observed that as n — oo, the uniform (0,1)
distribution and the exponential distribution with mean 1 (probability density p(z) = exp(—=z))
are equivalent. Intuitively, a good assignment uses only small values, so only the distribution’s
density near 0 is relevant; these two distributions both have density 1 there. Use of the exponential
distribution instead of uniform vastly simplifies the results of all the works cited, both because the
minimum of n mean-1 exponentials is a mean-1/n exponential, and because an exponential random

t Both authors are members of the IBM T.J. Watson Research Center, Department of Mathematical Sciences,
Yorktown Heights NY 10598; copper@watson. ibm.com and sorkin@watson. ibm. com.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM'98, LNCS 1518, pp. 319-330, 1998.
[0 Springer-Verlag Berlin Heidelberg 1998
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variable X conditioned by X > ¢ has the property that X — ¢ is an (unconditioned) exponential
random variable.

Most tantalizingly, Mézard and Parisi [MP85, MP87] used the “replica method” of statistical
physics to calculate that ¢* = 72 /6; the method is not mathematically formal, but its results have been
borne out in a variety of cases. Parisi [Par98] made the further conjecture that for an n x n instance
A with i.i.d. exponential costs (the distribution is critical in the finite case), EA* = Y7  1/i*. Since
it is well known that Y o 1/4*> = w%/6, proof of this conjecture would immediately validate the
replica calculation.

In this paper we describe an algorithm whose analysis yields an upper bound of ¢* < 1.94. Also,
we generalize Parisi’s conjecture, and prove it in a number of cases.

2. LOWER BOUNDS

We begin with a review of Lazarus’s 1+ 1/e lower bound, both to introduce some basic principles
and because its construction is the starting point for our assignment algorithm and upper bound. We
will need two simple properties of the exponential distribution:

Property 1. The mintmum of a collection of n w.1.d. exponential r.v.’s with mean 1 is an exponential
r.v. with mean 1/n.

Property 2. For an exponential r.v. X with parameter A (density p(z) = %e‘“), for any s,t >0,
Pr{X > s+t | X >t} =Pr{X > s}. (That is, conditional upon X > t, the distribution of X —t is
again exponential, with the same parameter.)

All existing lower bounds on expected assignment cost are based on feasible (not necessarily op-
timal) solutions to an assignment problem’s dual LP. The key is the transformation of an instance

A:

Lemma 3. For real n-vectors u and v, if A —ul? —1vT = 4’ (that is, a;; — u; — v; = agj ), then

A* = E?:l U; + E?:l ’U]' + Al*'

Proof. Since any assignment o selects precisely one value from each row and each column,
cost(A, o) = cost(A’, o) + > u; + 2?21 vj. Thus the minimum-cost assignments for A and A’ are
achieved by the same o, and A* = A™ + 3" u; + E?:l vj. O

Corollary 4. If A—ulT —1vT = A’ and A’ is elementwise non-negative, then A* > > u; + . vj.
Lemma 5. FEA* > 1.

Proof. Let u be the vector of row minima, and v = 0. By Property 1, Fu; = 1/n. Applying Lemma 3
and Corollary 4, and taking expectations, FA* = EA™ + EY w; > n-1/n= 1. O

Theorem 6 (Lazarus). liminf, .., FA* > 1+ 1/e.

Proof. As above, subtract the row minima u; in A to give A’ and conclude that FA* = 1 4+ FA’".
By Property 2, subtracting u; from values a;; other than the row-¢ minimum produces a collection
of i.i.d. exponential r.v.’s aj; = a;; — u;.! Thus A’ is (like A) an i.i.d. exponential matrix, except
that in each row it has a single zero, in a random column.

In the large-n limit, the probability that a column contains no zeros is 1/e. Subtract the column
minima v; in A’ to give A”. If column j contained a zero, v; = 0; otherwise (by Property 1) v; has

1This argument, based on the exponential distribution, is easier than Lazarus’s for the uniform distribution. The
memoryless property of the exponential means that when row and/or column minima are subtracted from an i.i.d.
exponential matrix, the result is again i.i.d. exponential (outside of the zeros); this “self-reducibility” is most useful.
(The matrix A and its “residue”, after subtraction of the row and column minima, are far from independent of one
another, but that is not a concern.)
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exponential distribution with mean 1/n. So in the large-n limit, EE;’L:1 v; =n-l/e-1/n=1/e,
and by Lemma 3,

FA* = FA" 4+ EY w+EY v > 1+1/e
O

Olin’s improved bound lim inf,, ., FA* < 1.51 takes off from inequality (2), replacing FA""* > 0
with a stronger bound by reasoning about groups of rows whose zeros all lie in the same column.

3. OUTLINE OF SECTIONS 4—6

The lower bounds are based on constructing feasible solutions to the assignment problem’s dual
LP; there is a certain satisfaction in the constructions, and the sense that their continuing incremental
improvement might result in lower bounds arbitrarily close to the true value. By contrast, the upper
bound has rested at exactly 2 for over a decade, and is not constructive.

We derive a smaller upper bound by defining and analyzing an assignment algorithm which, applied
to a large 1.1.d. exponential matrix A, produces an assignment with expected cost less than 1.94.
There are three key points. (1) We begin with a partial assignment of size about .81n implicit in
Lazarus’s lower-bound construction. (2) To complete even a partial assignment of size n — 1 to a
complete assignment in the naive manner would increase the assignment cost by 1, which when we
are gunning for 7°/6 is intolerable. However, we show how an (n — 1)-assignment can be completed
to an n-assignment quite simply, with additional cost o(1). Dogged extension of the technique allows
us to complete an initial assignment of size about .81n to an m-assignment with additional cost of
only about 0.56 altogether. (3) In both the initial construction and the successive augmentations,
the “working” matrix will consist entirely of zeros and 1.1.d. exponential values.

4. INITIAL ASSIGNMENT

Begin with an i.i.d. exponential matrix 4, and — following Lazarus’s lead — form a “reduced”
matrix A’ according to the following algorithm:

Algorithm 0
Input: An n X n matrix A of i.i.d. exponential elements.

Forz:=1...n:

Subtract from row ¢ its minimum value u;.
For j=1...n:

Subtract from column j its minimum value v;.
Forz:=1...n:

For j=1...n:

If element (2, 7) is zero, and has other zeros in its row and in its column,
replace it with an exponential r.v.

A typical reduced matrix is depicted in Figure 1, and is described by the following theorem:

Theorem 7. For n asymptotically large, Algorithm 0 reduces an n X n maitriz A of i.i.d. exponential
r.v.’s to a matriz A" in which

e there is at least one zero in each row and itn each column;
® a zero may share either its row or its column with other zeros, but not both;
e the collection of nonzero elements are i.i.d. exponential random variables;

and, with probability 1 — o(1),
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.49 .36 .15

.49

.16

0
o]
.35 0
o]
0

FIGURE 1. The zero structure of the matrix resulting from Algorithm 0: subtraction
of row and column minima, and replacement of selected zeros (such as in the spot
marked with an “x”) by fresh random variables.

o the fraction of columns having k > 1 zeros is asymptotically equal to
col(k) = Poisk(e_e_l);
o the fraction of rows having k > 1 zeros is asymptotically equal to
row(k) = (1 — p*) Poisg(1/e) + (p*) Poisg_1(1/e),

_e— 1 -
where p* = (e ¢ —e)/(1—e"c 1); and
e the fraction of zeros unique in their row and column is asymptotically equal to

- e 1 (e‘l — e_e_e_ )
e — ~ .4914.
1—e¢

-1

row(1l) = col(l) = e~¢

Proof. The first two assertions hold by construction: A zero is generated in every row and every
column, and zeros are removed when they share their column and their row with others. The third
assertion follows from Property 1.

When row minima are subtracted, the number of zeros contained in any column j is the sum
of n Bernoulli(1/n) random variables; this has binomial distribution B(n,1/n), which (as n —
o0) converges in distribution to Pois(1). Immediately, the expected number of columns having j
zeros is n Pois;(1). The actual number is tightly concentrated about this expectation, by Azuma’s
inequality [McD89]: all statements in the remainder of the proof will implicitly be “almost surely”
and “almost exactly”.

From the above, nPoisg(1) = n/e columns contain no row-induced zeros, so subtracting column
minima introduces n/e new zeros. They fall in random rows, with a density of 1/e new zeros per
row, so the number of column-induced zeros in each row is distributed as Pois(1/e).

Consider the number of columns with £ > 1 zeros. A column only acquires multiple zeros in the
row phase; a zero is removed if any of the n/e column zeros falls into the same row and if the zero is
not the last remaining in its column. Forgetting this exceptional “and” only results in miscounting
columns with no or one zeros. Then the probability that a zero is allowed to remain, is the probability

e

that no column zero falls into its row, which is Poisg(1/e) = e~ ~". Thus a column may be modeled

as having n slots, into each of which a zero is placed w.p. 1/n, and allowed to remain w.p. e ; this

e

1s equivalent to just placing zeros w.p. e~ _1/n, which for n large is the Poisson process Pois(e_e_l).

So the fraction of columns containing k > 1 zeros is col(k) = Poisy, (e_e_l).

Counting rows with k > 1 zeros is a little bit trickier but follows a similar line. (See [CS98] for
details.)
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0 0
0 X a, S cheapest

0 0

nn ni

L cheapest

FIGURE 2. At left, the naive completion of an (n — 1)-assignment adds expected
cost [fay,, = 1. At center, adding the cheapest pair a;, + a,; and deleting a;; adds
expected cost O(4/1/n). At right, with s = |v/2n], finding the s smallest elements
in column n (depicted without loss of generality as elements 1...s), then choosing
the smallest corresponding element 7 of row n, gives a pair with E(a;jn+anj) < /2/n.

This leaves rows which neither have 2 or more zeros, nor are associated with a column having
2 or more zeros. These are counted by row(l) = 1 — Y77, kcol(k) — Y 7o, row(k), which is a
straightforward calculation with Poisson distributions. |

Corollary 8. For asymptotically large graphs, the size of a mazimum assignment contained in the
bipartite graph By formed by edges which have minimum cost for either their row or their column is

-1 —e

e —€

1
almost surely almost exactly n times 2 — e~ —e (approzimately .8073n ).
Pittel and Weishaar [PW98] compute the size of a maximum assignment in By, the graph formed
of the k cheapest edges out of each row and column, using entirely different methods; for B; they

find a definite integral whose numerical evaluation agrees with our closed-form expression.

Corollary 8 means that at a cost of 14 1/e (in row and column dual variables), Lazarus’s con-
struction produces an assignment of size about .81n consisting entirely of zero-weight edges, with
1.1.d. exponential edge weights elsewhere. How cheaply can this assignment be completed?

5. AUGMENTING AN M-ASSIGNMENT

First consider a simpler question. Suppose an n x n matrix A has n — 1 zeros along its diagonal
(a zero-cost assignment of size n — 1), and i.i.d. exponential entries elsewhere. How cheaply can this
assignment be completed? The simplest way to complete the assignment is to assign row n to column
n. This adds 1 to the expected cost, since Fa,, = 1; as our goal is to find an assignment of cost less
than 2 (ideally, 72/6), an additional cost of 1 is far too much.

A better way (see Figure 2) is to remove from the matching some edge a;;, and add the two
edges a;, and a,;; this is augmentation by the 3-edge alternating path a,;, a;, a;,. There are
n — 1 ways of doing this (choosing ¢ € 1,...,n — 1), and the cheapest will have expected cost
Emin;(ain + ani) = O(1/4/n).

We can implement the same principle a little differently, fixing a value s, choosing the s smallest
elements in the unmatched (or “free”) column, then selecting the cheapest corresponding element in
the unmatched row. The s smallest “column elements” have average expectation (1/n+...+s/n)/s =
(s +1)/(2sn), and the smallest of the corresponding s “row elements” has expectation 1/s, so for

s =< |v2n], the expected added cost is asymptotically 1/2/n.

More generally, suppose only m of the n rows and columns are matched, each at cost 0. Again
we can augment to an (m -+ 1)-assignment by constructing a 3-edge alternating path from the first
unmatched row to one of the unmatched columns, as per the following algorithm:
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Algorithm 2
Input: matrix A; m-assignment of zero-weight edges, with m > n/2;
positive integer s < m/(n — m).

For each unmatched column k =m+ 1...n in turn:
Choose the s cheapest elements a;; among rows z € 1...m.
For each row ¢ chosen:
Define parent(z) = k.
Eliminate row ¢ from future choices.
Let S be the set of row indices ¢ chosen. (|S| = s(n —m).)
Let j = argmin; . g{amy1,j}, the index of the cheapest of the s(n —m)
elements in row m + 1 and columns S.
Add edges ant1,7 and a; parent(s) to the assignment, and remove edge a; ;.
Let u = 0, except for umi1 = dm+1,j-
Let v = 0, except for vparent(s) = @5, parent()-
Let 4’ = A —ul? —1vT.
Replace any negative elements agj with fresh exponential r.v.’s.

Replace element a}’j with a fresh exponential r.v.

Lemma 9. Gwen an n x n matric A with elements a;; = 0 for i = 1...m, and i.i.d. exponential
random elsewhere, with n — m >> 0. Then Algorithm 2 produces A', u, and v such that: A <
A 4+ ulT 4+ 1vT;

1 s+1 m
IE i+ i < 1 ;
zi:u—i_ Zj:v] s(n—m)+2s(n—m)n<m—s(n—m)>

and the elements of A' are i.i.d. exponential ezcept on an (m + 1)-assignment all of whose edge
weights are zero.

Proof. The first claim, that 4 < A’ + ul? + 1v7, is immediate by construction. For the second
claim,

EZ U; + EZ Vj = Qm41,7 + a3 parent(7)-

As the smallest of s(n — m) elements, Ea,,i1,; = 1/s(n — m). Furthermore, the smallest ele-
ment occurs in random position: 7 € S is chosen uniformly at random, and so the expectation of
the chosen column element @; parent(;) is merely the expected mean of all the elements a; parent(s)
generated by the algorithm. The first s of these elements chosen, from amongst rows 1...m,
have expectations 1/m,...,s/m; the next s chosen (from amongst s fewer rows) have expecta-
tions 1/(m — s),...,s/(m — s); and so forth, with the last column’s elements having expectations
1/(m—(n—m—1)s),...,s/(m—(n—m—1)s). The mean is

i s(s+1) 1 s+l /”—m L.
m ) Jo

—m—1
2 —ks T 2(n—-m m— s
k=0

n

Fa

1
7,parent(f) — s(n—m)

Thus

' N 1 s+1 0 m
B witE) o< S(n—m)+28(n—m)1 <m—5(n_m)>'

Finally, we must show that apart from the m + 1 zeros, the elements of A’ are i.i.d. exponential
r.v.’s. Before a,, 1 ; is chosen, row m+ 1 is unrevealed. Its revelation can be simulated by: choosing
j € S uniformly at random; setting a,,y1; equal to an exponential random variable with mean
1/|S]; for the remaining j € S — 7, setting am41,; = @m+1,; + ¢;, where the z; are independent
mean 1 exponential r.v.’s; and for j ¢ S, setting da,,41,; = z;, where the z; are again independent
mean-1 exponentials. Subtracting a,,11,; from each a,,41 ;, and replacing negative values with fresh
exponentials, results in an i.i.d. exponential n-vector.
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The above simulation begins by choosing 7, which may be done by specifying in advance, at
random, the time — from 1 to s(n — m) — at which j was added to S; this gives us the ability
to stop generating the set S once j is produced, say while choosing from column k. It is crucial
that all columns were equally represented, with s choices each, for this ensures that % is chosen
uniformly at random from m+1,m+2,...,n, and in turn that the columns k& # % not chosen retain
their unbiased i.i.d. exponential distribution. (Otherwise, for example, high-probability selection of a
column k with particularly small entries would bias the untouched columns to have large entries.) In
column IE elements not probed (because their rows were unmatched, or were selected for an earlier
column) remain random. Probed elements smaller than the chosen a; ¢ ¥ become negative when a; is
subtracted, and are replaced by fresh r.v.’s. And probed elements larger than a; g become unblased
exponentials when ;i is subtracted, independent of one another and of the rest of the matrix. O

Corollary 10. An nxn matric A of t.1.d. exponential r.v.’s, with n large, has an assignment whose
ezpected cost is less than 2.92. Therefore, c© < 2.92.

Proof. Given a matrix which initially has an all-zero assignment of size m, apply Algorithm 2 re-
peatedly (n — m times), producing vectors u(m—+ 1) and v(m+1), u(m+2) and v(m+2), ..., up
to u(n) and v(n). By Lemma 9, and choosing s at each iteration to minimize the cost bound added,
the total weight of these vectors satisfies

S B wlm)+ Y um))

mi=m+1

n . 1 s+1 m’
S 1
b m’=Z77;+1 ent { s(n —m') i 2(n —m/)s ! <m’ —s(n— m’)> }

n /
x/ min ! + s+l In m dm/
m s€it | s(n—m')  2(n—m')s m' — s(n —m/)

and, changing variables to z = 1 — m//n,

0
1 1 1-—
:/ min{——l—s+ 1n< i >}d(—:cn)
1—m/n s€L+ [ Zns 2xns 1—z— sz

1-m/n 1 _
:/ min{——|—3+11n< 1-@ >}d:c
=0 sezt+ | Ts 2zs l—2z—sz

-1 —e™ 1 . . . . .
For m/n=5b1 =2—e"¢ —e¢ / .81, using a combination of numerical techniques (for z

large, say # > .01) and algebraic ones (for z small), yields

Somi=mat E(OS ui(m’) + Y v;(m')) < 1.55. That is, a matrix A’ which is i.i.d. exponential except
for an all-zero assignment of size (1 + o(1))byn, has assignment cost FA’™ < 1.55 4 o(1). Applying
Algorithm 0 to an i.i.d. exponential matrix A produces a matrix which includes an all-zero assignment
of size (14+0(1))b1n, some additional zeros, and i.i.d. exponential r.v.’s. Replacing its non-assignment
zeros with new exponential r.v.’s produces a matrix A’ as required, and with FEA* < FA™™ 4+ 14 1/e.

Thus for a random i.i.d. exponential matrix A, EA* < 14 1/e+ 1.55 < 2.92. O

To our knowledge, this is the first proof of ¢* < 3 that is based on algorithmically constructing an
assignment of such cost.

6. AN UPPER BOUND LESS THAN 2

Theorem 11. An n X n matriz of i.i.d. exponential r.v.’s, with n large, has an assignment whose
ezpected cost is less than 1.94. Therefore ¢* < 1.94.
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Proof. The proof is again based on an algorithmic construction, which unfortunately we will only
be able to sketch here. (See [CS98] for details.) In the previous algorithm, each unmatched “free”
column generated s “child” columns; row m+ 1 was assigned to one child, as the first link of a 3-edge
alternating path ending at the child’s parent.

Instead, we now let each free column, in turn, generate a single child. (As before, the children
must be distinct, and disjoint from the parents.) Add the list of children to the end of the list of
parents, doubling the number of free columns. Repeat this “doubling” procedure a parametrized
number of times, which will in fact be until a constant-bounded fraction of the columns are free.
Assign row m + 1 to the cheapest free column, as the first link of an alternating path, and continue
the alternating path by reassigning that column to its parent, the parent to the grandparent, and so
forth. (The path lengths are typically, and at most, logarithmic in the ratio of n to the number of
initially free columns.)

As before, the first assigned edge’s value a,,11; is subtracted from row m+1, and the other newly
assigned edges’ values are subtracted from their respective columns. The analysis follows the familiar
lines: estimating the values of the newly assigned elements, and proving that the elements of the
residual matrix are (outside of its m + 1 zeros) again i.i.d. exponential r.v.’s.

To push the expected cost below 2, two other tricks are needed. The first is to do with the initial
assignment and the initial set of free columns. After Algorithm 0 (refer to Figure 1), assign all rows
with unique zeros to their corresponding columns, and to each column with two or more zeros, assign
the first corresponding row. The later rows for such columns need to be assigned, and there are about
.19n of them. The initial free columns are those corresponding to rows with several zeros and there
are about .36n of them; it is an advantage that they outnumber the rows needing assignment. A row
with several zeros, while not explicitly assigned, is not a concern: when all but one of its columns
has been consumed, we assign it to that last one.

For the second trick, suppose that a column j initially contained two zeros, in rows i; and i5; that
row ¢; has been assigned to column j, and that we are now trying to assign row ¢2. Go through the
column-doubling procedure as usual, but now instead of selecting as the first edge of the alternating
path the smallest value in row 23 among the free columns, take the smallest value in rows i; or 3
among the free columns. If the value falls in row 23 proceed as usual; if it falls in row ¢;, go through
the same alternating path construction for row ¢;, and assign row 22 to column j. The virtue of
the trick is that because we are choosing from twice as many values, the expectation of the first
element of the alternating path is halved. The price we pay is that whichever row did not contain the
smallest element is now biased, must be removed from consideration in all the remaining assignment
augmentations, and, by thus reducing the options slightly, increases future augmentation costs. The
tradeoff turns out to be advantageous, and the trick is employed for the last zero-bearing row of any
column. |

7. EXACT OPTIMA

Parisi’s conjecture [Par98] that EA* = Y | 1/i? seems to offer the best “handle” on the assign-
ment problem. To that end, we have verified it to the extent we could, and in the process generalized
1t further:

Conjecture 12. Given an m x n array of i.i.d., ezponentially distributed random variables a;; with
mean 1, select k < min(m,n) elements, no two in the same row or column, such as to minimize the
sum of those variables. (A k-assignment.) The expected value of this sum is

1
2 (m—id)(n—j)

4,520, i+j<k
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We will show that the conjecture is true in the following four cases: k = 1; £k = 2; k = m = 3;
and £k = m = n = 4. We will also show that in the case ¥ = m = n, the conjectured sum reduces to

Ele ilz, agreeing with Parisi’s conjecture. Unfortunately, it seems difficult to extend these results.

Notation. By F(k, m,n) we denote the expected value of the minimal k-assignment on an m x n
array of i.i.d. exponential random variables a; ; with mean 1. By G(k,m,n) we denote the expected
value of the same problem, except with a;; = 0.

A few lemmas will be useful.
Lemma 13. We have F(k,m,n) = G(k,m,n)+ k/mn.

Proof. Start with an m x n array A of i.i.d. exponential variables. Its global minimum has expected
value 1/mn. Subtract this global minimum from all entries, to produce an m x n array B of i.i.d.

exponential variables except for one entry of 0, which we may take to be 57 = 0. An optimal
k-assignment on A differs from one on B by the addition of the global minimum to each of the %
selected elements. Then EA* = EB* 4 k/mn. O

Lemma 14. For integers k < m < n, consider a nonnegative m X n matric A with a1 > 0, where
row 1 has y zero entries and column 1 has z zero entries, with y+ z > k. Form the matriz B which
agrees with A except that byy = 0. Then the optimal k-assignments have equal values: A* = B*.

Proof. Suppose an optimal k-assignment of 4 uses element a;;. We claim that, among the remaining
k — 1 elements of the assignment, exactly y are in columns j such that a;; = 0, since otherwise we
could replace a;; in the assignment by one of the a;; = 0 from an unused column, obtaining an
assignment with a smaller value. Similarly, z elements are in rows ¢ such that a;; = 0. Since
y+2z > k—1, one of the k — 1 elements a;; of the assignment satisfies both conditions: a;; = a;; = 0.
Replacing a11 + a;; by a;1 4+ a1; = 0, we would obtain another k-assignment with a smaller value. In
either case optimality is violated. So any optimal k-assignment for A avoids ai1, and thus has the
same value as an optimal k-assignment for B. |

We will use this lemma to insert zeros into matrices.

Theorem 15. Conjecture 12 holds in the cases k=1, k=2, k=m=3; and k=m=n =4.

Proof.
Case k = 1: The smallest among mn i.i.d. mean-1 exponential variables has expected value
1/mn.

Case k = 2: We appeal to Lemma 13, and show that for an m x n matrix B in which b;; =0
and all other b;; are i.i.d. exponential with mean 1, the smallest 2-assignment is G(2, m,n) = (mn —

1)/[mn(m — 1)(n - 1)].

Any 2-assignment of the B matrix must involve at least one entry from rows ¢ # 1. The minimum
such entry d has expected value 1/[(m — 1)n]. With probability (n — 1)/n, this entry occurs outside
the first column, so that 0 +d = d is the smallest assignment.

With probability 1/n, the entry occurs in the first column. But some entry in the minimum 2-
assignment must come from a column other than the first. So in this case we construct the mx (n—1)
matrix ¢ = {¢;;,1 < i < m,2 < j < m}, where

o bij ifi:l,j€{2,3,...,n}
U\ by—d ifi#1,j€{2,3,...,n}

Again the entries ¢;; are i.i.d. exponential with mean 1, so the minimum element e = ¢;; has expected
value 1/[m(n — 1)]. If this minimum occurs in row k = 1, then the minimal 2-assignment in the
B matrix is d + e. (The two entries d and e are a valid 2-assignment, and no 2-assignment can be
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smaller.) If the minimum occurs in row k # 1, then the minimum 2-assignment of the B matrix is

bi1 + bi; = (0) + (d + €). Summing,

B 1 B 1 1 _(mn—m)+(m—-1) mn —1
G2myn) =Hd) + 8e) = o Y o =D T = Dn=1)  ma(m— D=1
and

2 3mn—-2m-—-2n+1 1 1 1
F@mn) = G2m )+ = i —Tn—1) mn  mn—1) T (m= D’

Case k. =m = 3:
Let a;, be the least element in row ¢, for « = 1,2, 3. We have three possibilities.

With probability (n — 1)(n — 2)/n?, all the columns h; are distinct, and the assignment is just
> a;,p,. In this case the expected valueis clearly 3/n. (The values of the row minima are independent
of their relative positions.)

With probability 3(n — 1)/n?, two of the columns agree and one is different. Define a new array
b;; with b;; = a;; — a; .. Without loss of generality, assume hy = hy = 1 and hz = 2. The values
b;; are i.i.d. exponential, except bi; = by; = b3z = 0. The least 3-assignment of A differs from that
of B by a11 + a21 + aza, whose expected value is 3/n.

Since column 1 has two zeros and row 3 has one zero, we can use Lemma 14 to insert a zero, and
set b33 = 0. An optimal 3-assignment on B is then obtained from an optimal 2-assignment on the
3 x (n—1) array {b;;|j = 2,3,...,n}, augmented with a zero from the first column and the unique
row not used in the 2-assignment. So

EB* = G(2,3,n—1)
1 1 1 2
= 3m-1) 2mn-1) 3m-2) 3(n-1)
_ 3n—4
6(n —1)(n —2)’

and the optimal assignment on A has expected value 3/n larger:

A% — § n dn—4 ‘
n 6(n—1)(n-2)

With probability 1/n? all three columns are the same. Let this column be column 1. Again we
subtract the row minima a;; from each row to obtain a 3 x n array b;; = a;; —a;1. We want a minimal
2-assignment from the 3 x (n — 1) array {b;; | j = 2,3,...,n}; we will augment that with the value
b;1 = 0 from the first column and the unique unused row. So, appealing to the previously proved
case, the expected value of the 3-assignment of the b matrix is

1 1 1 Tn— 12
F(2,3,n-1) = 3(n—1)+2(n—1)+3(n—2) 6 —1)(n—2)’

and that of the a matrix is

3 Tn —12

n -1 n-2)

Summing over the three cases, the expected value is

(=) G (5) Cramiems) + (3) G aemses)
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One can check algebraically that this is equal to
1 1 1 1 1 1

Case k=m =n = 4:

Subtract the row minimum from each row, incurring an expected cost 4/4=1, and leaving an array
b;; of random variables, four of which are 0, and the rest of which are i.i.d. exponential. We will
break into subcases, depending on the relative positions of the row minima. For each subcase we
will develop three numbers: P, the probability of this case occurring (including symmetry); L, the
expected cost of removing row minima and column minima; and R, the expected cost of the residual
array b.

Subcase 1: All row minima in the same column. Say by; = bay = b31 = by; = 0. The
probability of such an arrangement is P = (1/4)® = 1/64. An optimal 4-assignment on b is obtained
from an optimal 3-assignment on (b without its first column) by adding a 0 entry from the first

column. We have P =1/64, L = 4/4, and (by the previously proved case) R = F(3,3,4) = 65/72.

Subcase 2: Three row minima in one column, the fourth in another. Say b1 = by =
b31 = bys = 0. We calculate P: There are (;) = 4 ways to select the three rows whose columns
agree. Each way has probability (1/4)2(3/4) because two specified rows agree with the first, and
the last disagrees. So P = 4(1/4)%(3/4) = 12/64. Use Lemma 14 to insert a zero: by = 0.
Find an optimal 3-assignment on b without its first column. We have P = 12/64, L = 4/4, and
R =G(G(3,3,4) =65/72—3/12 = 47/72.

Subcase 3: Two row minima in one column, two in another. Say by; = by = b3z = bss = 0.
The probability is 3(1/4)(3/4)(1/4) = 9/64. We will subtract column minima from the third and
fourth columuns; this incurs a cost of 1/4 for each column, giving L = 6/4. We call the resulting array
c. We further break into subcases depending on the positions of the column minima.

Subcase 3a: Two column minima on one row. Say c¢i;3 = ¢14 = 0. The net probability of this
case is P = (1/4)(9/64) = 9/256. Use Lemma 14 to add zeros, successively: ¢z = 0, then ¢z = 0.
The residual cost is that of a 2-assignment on the 3 X 3 array obtained by deleting the first row and
second column from c; this array has one 0 element, so the cost is G(2, 3,3) = 2/9. This subcase has

P =19/256, L = 6/4, and R = 2/9.

Subcase 3b: Two column minima in first and second rows. Say c¢i;3 = ca4 = 0. (The third
and fourth rows could also be used.) The probability of this case is P = (1/4)(9/64) = 9/256. Use
Lemma 14 to insert zeros, successively, at positions ¢z, ¢22, c14 and ca3. The residual cost is the
minimum 1-assignment (single element) from the 2 x 3 array gotten by deleting the first two rows

and the second column from ¢. Thus we have P = 9/256, L = 6/4, and R = F(1,2,3)=1/6.

Subcase 3c: Two column minima in first and third rows. Say ci13 = ¢34 = 0. This
case includes one minimum in either the first or second row and the other in the third or fourth
row. Its probability is P = (2/4)(9/64) = 18/256, and L = 6/4. Its residual cost is 0, since
€13 = €21 = €34 = c42 = 0 is an optimal assignment. So P = 18/256, L = 6/4, and R = 0.

Subcase 4: Two row minima in one column, the others in two different columns. Say
bi1 = ba1 = bzz = bsz = 0. The probability of such an arrangement is 6(1/4)(2/4)(3/4) = 36/64.
Again we subtract the column minimum from the fourth column, and break into two subcases de-
pending on its position.

Subcase 4a: Column minimum in first (or second) row. Say c14 = 0. This has probability
P =(2/4)(36/64) = 18/64. The residual cost is 0 because ¢14 = ¢21 = ¢32 = ca3 = 0. So P = 18/64,
L=5/4, R=0.

Subcase 4b: Column minimum in third (or fourth) row. Say cs4 = 0. This has probability
P = (2/4)(36/64) = 18/64. Use Lemma 14 to insert zeros, successively, at cs1, ca1, and czz. We
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need a 2-assignment from the 3 x 3 array obtained by deleting the first column and third row from c;

this has one 0 at c43 = 0, so its residual cost is G(2,3,3) = 2/9. So P = 18/64, L =5/4, R = 2/9.

Subcase 5: All row minima in distinct columns. For example, by; = bys = b33 = byqa = 0.
The optimal assignment is 0, and no further work is required. We have P = (3/4)(2/4)(1/4) = 6/64,
L=4/4,and R=0.

The overall expected cost is computed as

1 1 1 1
Faa0=Y @Ry =il L

This concludes the proof of Theorem 15. |

Theorem 16. With k = m = n, Conjecture 12 reduces to Parisi’s conjecture that F(n) = >, L.

i=1 ¢

Proof. With §,, = Ei,jZO, itj<n m, the inductive proof centers on showing that S,1—5, =
1/(n+1)2. ([
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Abstract. We consider the problem of sampling “unlabelled structures”,
i.e., sampling combinatorial structures modulo a group of symmetries.
The main tool which has been used for this sampling problem is Burn-
side’s lemma. In situations where a significant proportion of the struc-
tures have no non-trivial symmetries, it is already fairly well understood
how to apply this tool. More generally, it is possible to obtain nearly
uniform samples by simulating a Markov chain that we call the Burnside
process; this is a random walk on a bipartite graph which essentially im-
plements Burnside’s lemma. For this approach to be feasible, the Markov
chain ought to be “rapidly mixing”, i.e., converge rapidly to equilibrium.
The Burnside process was known to be rapidly mixing for some special
groups, and it has even been implemented in some computational group
theory algorithms. In this paper, we show that the Burnside process
is not rapidly mixing in general. In particular, we construct an infinite
family of permutation groups for which we show that the mixing time is
exponential in the degree of the group.

1 Introduction

The computational task considered in this article is that of sampling “unlabelled
structures”, i.e., sampling combinatorial structures modulo a group of symme-
tries. We work within the framework of Pdlya theory: “Structures” are taken to
be length-m words over a finite alphabet X', and the group of symmetries is taken
to be a permutation group G of degree m which acts on the words by permuting
positions. (See Section 2 for precise definitions.) The image of @ € XY™ under
g is conventionally denoted a?. Words a and (3 are in the same orbit if there
is a permutation g € G which maps a to a9 = (. The orbits partition the set
of words into equivalence classes, and the computational problem is to sample
words in such a way that each orbit is equally likely to be output.'

* This work was supported in part by ESPRIT Projects RAND-II (Project 21726) and
ALCOM-IT (Project 20244), and by EPSRC grant GR/L60982.

! Here is a concrete example: Let ¥ be a binary alphabet. Encode the adjacency matrix
of an n-vertex graph as a word of length m = (’2’) The relevant permutation group

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM’ 98, LNCS 1518, pp. 331-345, 1998.
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The main tool which has been used for sampling orbits is Burnside’s Lemma,>
which says that each orbit comes up |G| times (as the first component) in the
set, of pairs

r(2,G)={(o,9) |a€ X™, g € Gand o =a}. (1)

Thus, we are interested in the computational problem of sampling uniformly at
random from 7(X,G), given (an efficient representation of) G.

Wormald [17] has shown how to solve this sampling problem for rigid struc-
tures. That is, he has given an efficient random sampling algorithm that works
whenever a high fraction of the pairsin 7' (X, G) have g equal to the identity per-
mutation. Wormald’s method does not extend to the case in which the identity
permutation contributes only a small fraction® of the pairsin 7(X, G). However,
Jerrum proposed a natural approach based on Markov chain simulation which
does extend to this case [8].

We give the details of the Markov chain simulation approach in Section 2. In
brief, the idea is to consider the following bipartite graph: The vertices on the
left-hand side are all words in X'™. The vertices on the right-hand side are all
permutations in G. There is an edge from word « to permutation g if and only
if a9 = «. This graph essentially implements Burnside’s Lemma: The lemma
shows that the stationary distribution of a random walk on the graph assigns
equal weight to each orbit, i.e., to each unlabelled structure. The Markov chain
that we consider, which we refer to as the “Burnside process”, is the random
walk on this graph observed on alternate steps.

We may obtain a nearly uniform unlabelled sample by simulating the Burn-
side process from a fixed initial state for sufficiently many steps, and returning
the final state. The efficiency of this sampling method is dependent on the so-
called mixing time of the Burnside process: in rough terms, how many steps
is “sufficiently many”? The aim of this article is to show that the mixing time
of the Burnside process is sometimes very large. We now make that statement
precise.

For any two probability distributions 7 and 7’ on a finite set ¥, define the
total variation distance between 7 and 7’ to be

Doy, 7') = mae [r(4) = ' (4)] = %Z () — 7' (2)]-

Suppose M is an ergodic Markov chain with state space ¥ and stationary distri-
bution 7, and let the ¢-step distribution of M, when started in state x, be ;. The

is the group (acting on words) which is induced by the group of all permutations of
the n vertices. Note that two graphs are in the same orbit if and only if they are
isomorphic.

2 Although this lemma, is commonly referred to as “Burnside’s Lemma”, it is really
due to Cauchy and Frobenius [14].

% Specifically, Wormald’s approach can be used when the fraction of pairs in 7'(%,G)
which are due to the identity is at least the inverse of some polynomial in m.
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mizing time of M, given initial state z¢, is a function 7, : (0,1) — N, from toler-
ances ¢ to simulation times, defined as follows: for each § € (0,1), let 7, (6) be the
smallest ¢ such that Dy, (7y,7) < 0 for all ' > ¢. If the initial state is not signifi-
cant or is unknown, it is appropriate to define 7(d) = max,, 7,.(8), where the max-
imum is over all x € ¥. By rapid mizing, we mean that 7(J) < poly(m,logd 1),
where m is the input size—in our case the degree of the group G—and ¢ the
tolerance. Stuart Anderson has suggested the phrase torpid mizing to describe
the contrasting situation where mixing time is exponential in the input size.

The Burnside process was shown to be rapidly mixing for some very special
groups G [8]. However, it was an open question whether it is rapidly mixing in
general. The precise result of this article (Theorem 1) is a construction of an
infinite family of permutation groups G for which we show that the mixing time
T(%) is exponential in the degree of G. Thus, if we use the ¢-step distribution to
estimate the probability 7(A) of some event A C ¥ in the stationary distribution,
the result may be out by as much as %, unless we take ¢ exponentially large.

The main idea of the proof is to relate the mixing time of the Burnside
process to the “Swendsen-Wang process”, a particular dynamics for the Potts
model in statistical physics. The Swendsen-Wang process was shown by Gore
and Jerrum [6] to have exponential mixing time at a certain critical value of
a parameter called “temperature”. It turns out that the Swendsen-Wang pro-
cess defined on a graph , at a different (lower, non-critical) temperature has
exactly the same dynamics as the Burnside process on a derived permutation
group G3(, ). Thus we only have to relate the Swendsen-Wang process at the two
different temperatures, which we do using the “l-stretch” construction used by
other authors [7]. The dynamics of the Swendsen-Wang process is not perfectly
preserved by the [-stretch construction, but the correspondence is close enough
to yield the claimed result.

Sections 2 and 3 describe the Burnside and Swendsen-Wang processes; Sec-
tion 4 describes the relationship between the two; Section 5 relates the Swendsen-
Wang process at two different temperatures via the [-stretch construction, thus
completing the “torpid mixing” proof; finally, Section 6 concludes with some
open problems.

2 The Burnside process

Let ¥ = {0,...,k—1} be a finite alphabet of cardinality &k, and G a permutation
group on [m] = {0,...,m — 1}. For g € G and i € [m], denote by 79 the image
of i under g. The group G has a natural action on the set XY™ of all words
of length m over the alphabet Y, induced by permutations of the “positions”
0,...,m — 1. Under this induced action, the permutation g € G maps the word
o = apai ...am—1 to the word a9 = 8 = bgby ...by—1 defined by b; = a; for
all i, j € [m] satisfying i9 = j. The action of G partitions X into a number of
orbits, these being the equivalence classes of X™ under the equivalence relation
that identifies @ and 8 whenever there exists ¢ € G mapping « to 3. The orbit
{a9 : g € G} containing the word a € X™ is denoted a“. As we indicated in
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the introduction, Burnside’s Lemma says that each orbit comes up |G| times in
the set (X, G) defined in equation (1). Thus, we are interested in the problem
of uniformly sampling elements of 7'(X,G).

A standard attack on combinatorial sampling problems [10] is to design a
Markov chain whose states are the structures of interest (in this case the state
space is ) and whose transition probabilities are chosen so that the stationary
distribution is the required sampling distribution. The following natural Markov
chain was proposed by Jerrum [8]. As we noted in the introduction, it is essen-
tially a random walk on the bipartite graph which corresponds to Burnside’s
Lemma. The state space of the Markov chain Mg = Mg(G, X) is just G. The
transition probabilities from a state g € G are specified by the following concep-
tually simple two-step experiment:

(B1) Sample a uniformly at random (u.a.r.) from the set Fix g := {a € 2™ : a9 = a}.
(B2) Sample h u.a.r. from the point stabiliser G, := {h € G : o = a}.

The new state is h. Algorithmically, it is not difficult to implement (B1). How-
ever, Step (B2) is apparently difficult in general. (It is equivalent under ran-
domised polynomial-time reductions to the Setwise Stabiliser problem, which
includes Graph Isomorphism as a special case.) Nevertheless, there are signifi-
cant classes of groups G for which an efficient (polynomial time) implementation
exists. Luks has shown that p-groups—groups in which every element has order
a power of p for some prime p—is an example of such a class [11].

Returning to the Markov chain itself, we note immediately that Mgy is er-
godic, since every state (permutation) can be reached from every other in a single
transition, by selecting the word @ = 0™ in step (B1). Let 7 : G — [0, 1] denote
the stationary distribution of Mp. Then n(g) is proportional to the degree of
vertex g in the bipartite graph corresponding to Burnside’s Lemma, which is
| Fix g| = k°19), where ¢(g) denotes the number of cycles in the permutation g.
We have therefore established the following Lemma from [9]:

Lemma 1. Let 7 be the stationary distribution of the Markov chain Mg (G, X).
Then 7(g) = k9 /| T(Z,G)| for all g € G.

Although the Markov chain Mg on G is the most convenient one for us to
work with, it is clear that we can invert the order of steps (B1) and (B2) to
obtain a dual Markov chain M{(G, X) with state space X™. The dual Markov
chain* has greater practical appeal, as it gives a uniform sampler for orbits (i.e.,
unlabelled structures):

Lemma 2. Let ' be the stationary distribution of the Markov chain ML (G, X).

Then
G|

~ [a%[T(Z,0)|

()

for all « € 2™ in particular, 7' assigns equal probability to each orbit o .

* In references [8] and [9], the primed and unprimed versions are reversed.
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The result again follows from a consideration of the random walk on the bipartite
graph, using the elementary group-theoretic fact that |G4| x |a%| = |G|.

Peter Cameron has observed that a Markov chain similar to Mj may be
defined for any group action, not just the special case of a permutation group G
acting on Y™ by permutation of positions. In the general setting: given a point
a, select w.a.r. a group element g that fixes a, and then select a point that is
fixed by g. Thus, the generalisation of M}, to arbitrary group actions provides a
potentially efficient procedure for uniformly sampling unlabelled structures (i.e.,
sampling structures up to symmetry). This procedure has been implemented in
certain algorithms for determining the conjugacy classes of a finite group [16].

Of course, the effectiveness of M{, (equivalently Mp) as a basis for a general
purpose sampling procedure for unlabelled structures depends on its mixing
time. It was known that Mp mixes rapidly in some special cases (see Jerrum [8]),
but it was not previously known whether Mp mixes rapidly for all groups G.
Specifically, it was not known whether the mixing time of Mp(G, X') is uniformly
bounded by a polynomial in m, the degree of G. The result in this article is a
construction of an infinite family of permutation groups for which we show that
the mixing time of Mp grows exponentially in the degree m.

3 The Swendsen-Wang process

As noted in the Introduction, our strategy is to relate the mixing time of the
Burnside process to that of the Swendsen-Wang process. In this section we de-
scribe the latter process, which provides a particular dynamics for the g¢-state
Potts model. In fact, we need only consider the special case ¢ = 3. See Martin’s
book [13] for background on the Potts model.

A (3-state) Potts system is defined by a graph , = (V, E) and a real number
(“inverse temperature”) 3. For compactness, we will sometimes denote an edge
(i,7) € E by ij. A configuration of the system is an assignment o : V' — {0, 1,2}
of “spins” or colours to the vertices of , . The set of all 3!VI possible configura-
tions is denoted by (2. We associate each configuration ¢ € {2 with an energy
H(0) := Y jcp [1-0(a(i),0(4))], where d is the Kronecker-d function which is 1
if its arguments are equal, and 0 otherwise. Thus the energy of a configuration is
just the number of edges connecting unlike colours. The (Boltzmann) weight of
a configuration o is exp(—p8 H(o)). The partition function of the 3-state Potts
model is

Z=2(,,8) =) exp(—BH(0)); (2)
ocEeS?
it is the normalising factor in the Gibbs distribution on configurations, which as-
signs probability exp(—3 H(c))/Z to configuration o. To avoid the exponentials,
we will define the edge weight \ of the Potts system to be e~?, so the partition
function (2) may be rewritten as

Z=7Z( A= Z H A1=0(a(@),0())] 3)

cER ijEE
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Thus the weight of a configuration is A’, where b is the number of bichromatic
edges.

The Swendsen-Wang process specifies a Markov chain Mgw(, ,A) on £2. Let
the current Potts configuration be denoted by o. The next configuration o' is
obtained as follows.

(SW1) Let A = {ij € E : o(i) = o(j)} be the set of monochromatic edges. Select
a subset A C A by retaining each edge in A independently with probability
p=1-—A\

(SW2) The graph (V, A) consists of a number of connected components. For each
connected component, a colour is chosen u.a.r. from {0, 1,2}, and all vertices
within the component are assigned that colour.

That the Markov chain with transitions defined by this experiment is ergodic is
immediate; that it has the correct (i.e., Gibbs) distribution is not too difficult to
show. (See, for example, Edwards and Sokal [4].) Both the Swendsen-Wang pro-
cess (Msw(, ,A)) and the Burnside process (Mg(G, X)) are examples of Markov
chains using the “method of auxiliary variables” (see [4] and [1]).

4 The relationship between the Burnside process and the
Swendsen-Wang process

Let X be a finite alphabet of size k, and let , = (V| E) be an undirected graph
defining a 3-state Potts system with edge weight A = k~2. We will construct
an associated permutation group G3(, ) such that the dynamics of the Burnside
process on (G3(, ), %) is essentially the same as the Swendsen-Wang dynamics
on (, ,A). This construction generalises a construction from [8], which deals with
the case k = 2 (i.e., the binary alphabet case).

The permutation group Gs(, ) acts on the set A = |J, . Ae, which is the
disjoint union of three-element sets A.. Arbitrarily orient the edges of , , so that
each edge e € E has a defined start-vertex e~ and end-vertex e. For e € E and
v € V, denote by h, some fixed permutation that induces a 3-cycle on A, and
leaves everything else fixed, and denote by g, the generator

Gy 1= H he X H he_l.
e:et=v e:e—=v

Finally, define G3(, ) = (g, : v € V), the group generated by {g,}.
Observe that the generators of G3(, ) commute and have order three, so each
permutation g € G3(, ) can be expressed as

glet)—c(e™
g=g(0) =[] 7 =[] h"7C), (4)
veV e€E

where o : V — {0,1,2}. Provided the graph , is connected, this expression is
essentially canonical, in that o is uniquely determined up to addition (mod 3) of
a constant function. To see this, note that g uniquely determines the exponent
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of he in expansion (4), which in turn determines the difference between the
colours (viewed as integers) at the endpoints of edge e. Note that all three of
the configurations associated with g induce the same set A in (SW1). Thus, the
transition probabilities from the three configurations are the same, and we can
therefore think of g as being associated with all three configurations.

Lemma 3. Suppose , is a graph, X a finite alphabet, and let k = |X|. Then
Mg(Gs(, ), %) = Msw(, ,k~°);

that is to say, each permutation g in the state space of Mp(Gs(, ),X) can be
associated with ezactly three configurations in the state space of Msw(, ,k?) in
such a way that transition probabilities are preserved.

Proof. We associate each permutation g € G3(, ) with three configurations as
described above. As we observed, the transition probabilities of the three con-
figurations in SW are identical.

Perhaps the easiest way to show that these transition probabilities are the
same as those in Mp is to combine the experiment defining the Burnside process
(see (B1) and (B2)) with that defining the Swendsen-Wang process (see (SW1)
and (SW2)) into a single coupled version. Start with the pair (g, 0,), where o,
is one of the three configurations associated with g.

(C1) Sample a uv.a.r. from the set Fixg = {a € ™ : a9 = a} of words fixed
by g. Let A := {e € E : ais not constant on A.}. The pair (a, A) is the
intermediate state.

(C2) Sample h u.a.r. from the point stabiliser G, = {h € G : a" = a}.

The new pair is (h, o) (again, choose oy, arbitrarily from the three configurations
associated with h.).

By construction, the transitions ¢ — a — h occur with the probabilities
dictated by (B1) and (B2). We must check that the induced transitions oy, —
A — op match (SW1) and (SW2) in probability. Let e = uv € E be any
edge, and consider the action of g on A,. If o4(u) = 04(v) then the action of
g on A, is the identity, and probability that « is constant on A, is k=2. Thus
the probability that e € A is 1 — k~2, independent of the other edge choices, as
required by (SW1), where A = k=2. Otherwise, o,(u) # o,(v) and the action
of g on A, is a 3-cycle. Necessarily, a is constant on A., and e ¢ A, again as
required by (SW1). So the distribution of A C E is correct.

To verify the second step, again let e = uv € E be any edge. If e € A then «
is not constant on A, entailing that the action of h on A, is the identity and
on(u) = op(v). Conversely, if e ¢ A then « is constant on A., and op(u) — op (v)
is unconstrained. Thus h — oy, is a bijection from G, to configurations that are
constant on connected components of (V, A), and the distribution of o}, is as
demanded by (SW2).
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5 Torpid mixing

We have seen that the Burnside process is equivalent to the Swendsen-Wang
process at a particular edge-weight A; and it is known that the Swendsen-Wang
process at a different edge weight (which is approximately 1—(41n2)/|V|, where
V is the vertex set of , ) has exponential mixing time [6]. In this section we bridge
the gap between the different edge weights.

Denote by P; the path of length [ or [-path, i.e., the graph with vertex set
[l + 1] and edge set {{i,i +1}:0 <i <}

Lemma 4. Consider a randomly sampled configuration of the 3-state Potts model
on P, with edge weight . The induced distribution of colours on the two end ver-
tices of P, is identical to the distribution of configurations of the 3-state Potts
model on P, (= Ks) with edge weight

L2 - (1
A= e oA ©)

Proof. Define w® € R? to be the vector whose first (respectively, second) com-

ponent, w(()l) (respectively, w(l)) is the total weight of those configurations on P,
whose (ordered) endpoints have colours (0, 0) (respectively, (0, 1)). Clearly, there
is nothing special in the particular choice of colours; the pair (0,0) could be re-
placed by any pair of like colours, and (0, 1) by any pair of unlike ones. Introduce

the matrix
1 2\
Ti= <>\ 1+ A) !

a straightforward induction on [ establishes

1
0 — 7t )
w0 =1'(,)

The matrix T has eigenvalues 1 — A and 142\. Introduce two further matrices

_[(1-=x 0 (2 1
D._< . 1+2>\> and 5._<_1 1).

Then T = SDS~! and hence T' = SD'S~!. Noting that
1/1 -1
-1 _ 1t
5T = 3 (1 2 )’

Capraet (1) _ L ((1420) 4201 )

we obtain

Since P, is equivalent—in the sense of the statement of the lemma—to a single
edge with effective weight wg) /w[()l), Lemma 4 follows immediately.
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Denote by K, ® P, the graph obtained from the complete graph on n vertices
by subdividing each edge by I — 1 intermediate vertices of degree two. Thus
each edge of K, becomes in K, ® P, a copy of the [-path P,. We refer to the
vertices of degree n — 1 as exterior vertices and those of degree two as interior.
(Assume n > 3 to avoid trivialities.) We remark that this construction is just
the “I-stretch”, used in related situations by Jaeger, Vertigan and Welsh [7]. The
l-stretch operation allows us to move between different edge weights, at least if
we forget for a moment the specific dynamics imposed by the Swendsen-Wang
process.

Lemma 5. Consider a randomly sampled configuration of the 3-state Potts model
on K, ® P, with edge weight \. The induced distribution of colours on the exte-
rior vertices of Kn @ Py is identical to the distribution of configurations of the
3-state Potts model on K, with edge weight A, where A = \(l) is as in (5).

Proof. Suppose o is any Potts configuration on the graph K,, ® P;, and S is any
subset of its vertices. Denote by o|s € {0,1,2}5/ the restriction of o to the set S.
Through some elementary algebraic manipulation, we may express the partition
function of a Potts system on K, ® P, in terms of the partition function of a
Potts system on K, with edge weight closer to 1. In the following manipulation,
we assume that the vertices of K,, ® P, are numbered 0,...,N — 1 and that
the exterior vertices receive numbers in the range 0,...,n — 1. Furthermore,
Ui; C [N] denotes the set of [ — 1 interior vertices lying on the [-path between
exterior vertices ¢ and j, and E;; denotes the set of edges on that path.

Z(K, ® P, \)

:Z H AL—d(e(w),o(v))]
o wekl

= Z Z Z ( H A1=d(e(w),e(v)] .. H )\[1—5(0(U)70(v))]>
T |[n] 0’\1/0’1 0"[/"_2’“_1 uwvEEp, 1 WEE, 2.n_1

= Z ( Z H )\[lﬁ(a(u)«r(v))]). . ( Z H A[lﬁ(a(u),a’(v))])
o

ol \oluy,; ww€Eo1 uw€EEL _2n—1

= Z H C N1=8(a(2),0(1))]

ol 0<i<j<n-—1

— Cn(nfl)/Z Z(Kn, ;\),

Un—2n-1

where C is a constant (actually w(()l)). The penultimate equality above uses

Lemma 4.

Let 6 € {0,1,2}" be any configuration on K,,. From the above manipulation,
we see that the weight of the configuration 6 on K, is equal—modulo the con-
stant factor C"™("~1)/2—to the sum of the weights of configurations o of K, ® P,
that agree with & on the exterior vertices or, symbolically, o|,,; = &. This proves
Lemma 5.
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Lemma 6. There exists an infinite sequence of pairs (n,l) = {(n(l),l) : | =
2,...} such that
s 4In2 3
1-AQ) — 222 <
=200 =y | < aap

for all pairs, where X(l) is defined as in (5).

Proof. The function 1 — \(l) decreases monotonically to 0, as [ — co. Given [,
choose n to be the unique natural number satisfying

4In2 N 41n2
1-— < .
A VR )

The upper and lower bounds differ by less than 3n(l)~2. Thus, we have proved
Lemma 6.

Let {2 be the set of configurations of the 3-state Potts model on K, ® P;.
For each configuration o € 2, define v(o) € R? be the 3-vector whose ith
component is the proportion of exterior vertices of K,, ® P, given colour i by o.
Then let £21.1.1(¢) (respectively, £24.1.1(¢)) denote the set of configurations o such

that (o) lies within an e-ball centred at (1, %, +) (respectively, one of the three
e-balls centred at (2,1, 1) (3,2 1) or (1,1 2))

Lemma 7. Let a configuration o be sampled from the 3-state Potts model on
K, ® P, with edge weight \, and suppose that 1 — \(I) = (4In2)/n + O(n=2).
Then, for any e > 0:

(Z) PI‘(O' € .91:1:1(8)) = Q(n_Q);
(ZZ) PI‘(O' € .94:1:1(8)) = Q(n_Q); and
(iii) Pr(o ¢ Qi.1:1() U 211 (e)) = e~ 2,

The implicit constants depend only on e.

Proof. By Lemma 4, we may equivalently work with the Potts model on K,
with edge weight A(1).

When 1—A(l) = (41n2)/n, i.e., the error term is 0, this is precisely the result
of Gore and Jerrum [6, Prop 3]. See also Bollobds, Grimmett and Janson [2].
The validity of the proof given in [6] is unaffected by the error term: an additive
error O(n~2) in A(l) translates to an additive perturbation O(n 1) in the func-
tion f in [6, eq. (2)]. This perturbation may be absorbed into the error term A
appearing in that equation, which is 2(1). Thus, we have proved Lemma 7.

We now need to compare the dynamics of the Swendsen-Wang processes
on K, ® P, and K,, more precisely, the Markov chains Mgw (K, ® P;,\) and
Msw (K, 5\) The correspondence will not be exact, as in Lemma 3, but it will
be close enough for our purposes.

Let G, , denote the standard random graph model in which an undirected
v-vertex graph is formed by adding, independently with probability p, for each
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unordered pair of vertices (4,7), an edge connecting ¢ and j. Suppose that p <
d/v, with d < 1 a constant, and , is selected according to the model G, ,. It is
a classical result that, with probability tending to 1 as ¥ — oo, the connected

components of , all have size O(logv). We require a (fairly crude) large deviation
version of this result.

Lemma 8. Let , be selected according to the model G, ,, where p < d/v and
0 < d < 1 is a constant. Then the probability that , contains a component of

size exceeding /v is exp(—2(\/V)).

Proof. This result in exactly this form appears as [6, Lemma 4]. See O’Connell [15,
Thm 3.1] for a much more precise large-deviation result for the “giant compo-
nent” of a sparse random graph.

We also need:

Lemma 9 (Hoeffding). Let Zy,...,Z; be independent r.v’s with a; < Z; < b;,

for suitable constants a;,b;, and all 1 < i < s. Also let 7= Ele Z;. Then for
any t > 0,

Pr (|Z — Exp 2| >t) < exp(—2t2 / zs:(bl - ai)2)
i=1

Proof. See McDiarmid [12, Thm 5.7].

Lemma 10. Let a configuration o € {2 be sampled from the 3-state Potts model
on K, ® P with edge weight X, and suppose that 1 — X(I) = (41n2)/n+ O(n=?).

Let o' € 2 be the result of applying one step of the Swendsen-Wang process,
starting at o. Then, for any e > 0,

Pr(o’ € Q11.1(6) | 0 € P11a(e) =1 — e 2V,
and
Pr(o’ € Q1 (e) | 0 € 241 (e)) =1 —e 2V,

The implicit constants depend only on ¢.
Proof. For i, j exterior vertices of K, ® P, satisfying o(i) = o(j).
1 3

w® (20 +2(1 = AV

Pr(Path i + j is monochromatic) = 0
0

where the second equality is from (6). After step (SW1),

Pr(Path i < j is contained in A)
= Pr(Path i & j is monochromatic) x (1 — \)!
3(1=N)
( +2X) 4+ 2(1 = A)!
=1- ().
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For convenience, set p = 1 — \(l). Consider the set of exterior vertices of
some given colour, and let v < (£ 4 £)n be the size of that set. Provided e
is small enough (¢ = 1/40 will do), pr < d < 1. By Lemma 8, with probability
1 —exp(—2(y/v)), the maximum number of exterior vertices in any connected
component of the graph ([N], A) restricted to this colour-class is at most /v.
(Recall that [N] is the vertex set of K, ® P,.) Combining this observation for all
three colours, and noting ¥ = ©(n), we obtain the following: with probability
1 —exp(—£2(y/n)), the number of external vertices in any connected component
of ([N], A) is at most /n.

Let s be the number of such components, and nq,...,ns be their respective
sizes. The expected size of a colour-class constructed in step (SW2) is n/3, and
because there are many components (at least \/n ) we expect the actual size of
each colour-class to be close to the expectation. We quantify this intuition by
appealing to the Hoeffding bound. Fix a colour, say 0, and define the random
variables Y7,...,Ys; and Y by

y, = [ if the ith component receives colour 0 in step (SW2);
*7 10, otherwise,

and V = >, Y. Then Expff =n/3 and, by Lemma 9, for any ¢t > 0,

8§
Pr (|}A/ — Exp )A/| > t) < exp(—?t2 / an)
i=1
< exp(—2tn""/?),

since
s s
2 3/2
E n; < E niv/n =n®?
=1 =1

Similar bounds apply, of course, to the other colours. Choosing ¢ = en/+/3 we
see that, with probability 1 — exp(—£2(y/n)), the size of every colour class in
o' lies in the range ((3 — e/V3)n, (5 + £/V/3)n); but this condition implies
o' e 91;1;1(6).

This proves the first part of Lemma 10, concerning §2.1.1(¢); the second
part of the lemma follows from the first by Lemma 7 and time-reversibility.
In particular, it follows from the fact that Mgw satisfies the detailed balance
condition:

Pr(c =01 Ao’ =03) =Pr(oc =03 Ao’ =0y),

for all configurations o7 and o2, where o is sampled from the stationary distri-
bution.

It is now a short step to the main theorem. Recall that T(%) denotes the number
of steps t before the t-step distribution is within variation distance % of the
stationary distribution (maximised over the choice of starting state).
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Theorem 1. Let X be a finite alphabet of size at least two. There exists an
infinite family of permutation groups G such that the mizing time of the Burnside
process Mp(G,X) is exponential in the degree m of G; specifically T(1/3) =
2(exp(m'/4+2))) for any e > 0.

Proof. By Lemma 3, it is enough to exhibit an infinite family of graphs , such
that Msw(, ,A) has exponential mixing time, where A = k~2. This family
of graphs will of course be (K,; ® P, : I € N) where n(l) is as defined in
lemma 6. The family of permutation groups promised by the theorem will then
be (Gg(Kn(l) ® B) e N)

Consider a trajectory (oy : t € N) of Mgw (K, ® P, \) starting in the sta-
tionary distribution. We say that the trajectory escapes at step ¢ if

(01 € D (e) Nopyr & 21:1:1(€)) V (08 € Lae1:1(€) Nopgr € u:1:1(€)).

For each t, by Lemma 10, the probability of escape at time t is bounded by
exp(—$2(y/n)). Furthermore, by Lemma 7 the probability of the event

00 & 1:1:1(6) U 24:1:1 ()

is also bounded by exp(—2(y/n)).

Thus there is a function T = T'(n) = exp(£2(y/n)) such that, with probability
at least 19—0, the initial segment of the trajectory (oy : 0 < ¢t < T') lies either
entirely within 21.1.1(¢) or entirely within 24.1.1(¢). Hence there is an initial
state s € {21.1.1(¢) such that Pr(op ¢ 1.1.1(€) | 00 = 5) < 11—0, and similarly
for s € 24.1.1(¢). Choose such an initial state s from whichever of (2.1.1(¢) or
24.1.1(¢) has the smaller total weight in the stationary distribution. Then the
variation distance of the T-step distribution from the stationary distribution is
at least 3 — e~ 2 — L > L Finally note that m = O(n?l) = O(n?logn). (It is
straightforward to see from Lemma 6 that [ = O(logn).) Thus, we have proved
Theorem 1.

Although the definition of 7 contains an existential quantification over initial
states, it will be seen that Theorem 1 is not very sensitive to the initial state:
7(%) can be replaced by 7,(3), where s ranges over almost every state in 21,11 (¢)
or 24.1.1(€), as appropriate (“almost every” being interpreted with respect to the
stationary distribution).

6 Open problems

In this paper, we have shown that the Burnside process is not rapidly mixing in
general. It remains an open question whether there is some other polynomial-
time method which achieves the same distribution as the Burnside process, either
on permutations (as in Lemma 1) or on words (as in Lemma 2). Since (B1) is
easy to implement in polynomial-time, a polynomial-time sampling algorithm for
the stationary distribution 7 of Lemma 1 would yield a polynomial-time sampler
for the stationary distribution 7’ of Lemma 2 (i.e., the uniform distribution on
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orbits). If there is a polynomial-time sampling algorithm for the distribution 7
this will imply [9] that there is a fully polynomial randomised approxzimation
scheme for the single-variable cycle index polynomial for every integer k (see [3]).
Such a result would be a striking contrast to the result of the authors (see [5])
which shows that, unless NP = RP, no such approximation algorithm exists for
any fixed rational non-integer k.
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Abstract. We consider the standard Quicksort algorithm that sorts n
distinct keys with all possible n! orderings of keys being equally likely.
Equivalently, we analyze the total path length £, in a randomly built
binary search tree. Obtaining the limiting distribution of £, is still an
outstanding open problem. In this paper, we establish an integral equa-
tion for the probability density of the number of comparisons L,,. Then,
we investigate the large deviations of £,. We shall show that the left tail
of the limiting distribution is much “thinner” (i.e., double exponential)
than the right tail (which is only exponential). We use formal asymptotic
methods of applied mathematics such as the WKB method and matched
asymptotics.

1 Introduction

Hoare’s Quicksort algorithm [9] is the most popular sorting algorithm due to its
good performance in practise. The basic algorithm can be briefly described as
follows [9, 12, 14]:

A pivotal key is selected at random from the unsorted list of keys, and
used to partition the keys into two sublists to which the same algorithm
is called recursively until the sublists have size one or zero.

To justify the algorithm’s good performance in practise, a body of theory
was built. First of all, every undergraduate learns in a data structures course
that the algorithm sorts “on average” n keys in ©(nlogn) steps. To be more
precise, one assumes that all n! possible orderings of keys are equally likely. It
is, however, also known that in the worst case the algorithm needs O(n?) steps
(e.g., think of an input that is given in a decreasing order when the output is
printed in an increasing order). Thus, one needs a more detailed probabilistic
analysis to understand better the Quicksort behavior. In particular, one wants
to know how likely (or rather unlikely) it is for such pathological behavior to
occur. Our goal is to answer precisely this question.

A large body of literature is devoted to analyzing the Quicksort algorithm
[3, 4, 5, 7, 12, 13, 14, 15, 16, 18]. However, many aspects of this problem are

* The work was supported by NSF Grant DMS-93-00136 and DOE Grant DE-FG02-
93ER25168, as well as by NSF Grants NCR-9415491, NCR-9804760.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM' 98, LNCS 1518, pp. 346-356, 1998.
O Springer-Verlag Berlin Heidelberg 1998
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still largely unsolved. To review what is known and what is still unsolved, we
introduce some notation. Let £, denote the number of comparisons needed to
sort a random list of length n. It is known that after selecting randomly a key,
the two sublists are still “random” (cf. [12]). Clearly, the sorting time depends
only on the keys’ ranking, so we assume that the input consists of the first
n integers {1,2,...,n}, and key k is chosen with probability 1/n. Then, the
following recurrence holds

Ln=n—1+Ly+ L1k .

Now, let L, (u) = Euf" =Y, Pr[£, = k]u* be the probability generating
function of £,,. The above recurrence implies that

Ln() == 3 L)L (o) )

with Lo(uw) = 1. Observe that the same recurrences are obtained when analyzing
the total path length £, of a binary search tree built over a random set of n
keys (cf. [12, 14]). Finally, let us define a bivariate generating function L(z,u) =
Y nso Ln(u)z™. Then (1) leads to the following partial-differential functional
equation

OL(z,u)

0z

Observe also that L(z,1) = (1 —z) L.

The moments of L,, are relatively easy to compute since they are related
to derivatives of Ly(u) at w = 1. Hennequin [7] analyzed these carefully and
computed exactly the first five cumulants, and obtained an asymptotic formula
for all cumulants as n — oo.

The main open problem is to find the limiting distribution of £,,. Régnier
[15] proved that the limiting distribution of (£, — E[L,])/n exists, while Rosler
[16, 17] characterized this limiting distribution as a fixed point of a contraction
satisfying a recurrence equation. A partial-differential functional equation seem-
ingly similar to (2) was studied recently by Jacquet and Szpankowski [10]. They
analyzed a digital search tree for which the bivariate generating function L(z,u)
(in the so—called symmetric case) satisfies

OL(0,u)

_ 72
= L(zu,u) , P

=1 2)

OL(z,u)

1
—T72(Z
P —L(Qzu,u)

with L(z,0) = 1. The above equation was solved asymptotically in [10], and
this led to a limiting normal distribution of the path length £, in digital search
trees. While the above equation and (2) look similar, there are crucial differences.
Among them, the most important is the contracting factor % in the right-hand
side of the above. Needless to say, we know that (2) does not lead to a normal

distribution since the third moment of (£,, — E[L,])/n does not tend to zero (cf.

[14]).
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In view of the above discussion, a less ambitious goal was set, namely that of
computing the large deviations of Ly, i.e., Pr[|L, — E[L,]| > ¢E[L,]] for € > 0.
Hennequin [7] used Chebyshev’s inequality to show that the above probability
is O(1/(clog” n)). Recently, Rosler [16] showed that this probability is in fact
O(n~*) for any fixed k, and soon after McDiarmid and Hayward [13] used the
powerful method of bounded differences, known also as Azuma’s inequality, to
obtain an even better estimate, namely that the tail is O(n 2198198 7) (see the
comment after Theorem 1 of Section 2).

In this paper, we improve on some of the previous results. First of all, we
establish an integral equation for the probability density of £,,, and using this we
derive a left tail and a right tail of the large deviations of £,,. We demonstrate
that the left tail is much thinner (i.e., double exponential) than the right tail,
which is roughly exponential. We establish these results using formal asymp-
totic methods of applied mathematics such as the WKB method and matched
asymptotics (cf. [2, 6]).

This paper is a conference version of the full paper [11] which contains all
proofs while here we rather sketch some of the derivations. The full version can
be found on http://www.cs.purdue.edu/homes/spa/current.html.

2 Formulation and Summary of Results

As before, we let £,, be the number of key comparisons made when Quicksort
sorts n keys. The probability generating function of £,, becomes

Ln(u) =Y Pr[L, = kjuf = E[u*"]. (3)
k=0

The upper limit in this sum may be truncated at k = (g), since this is clearly
an upper bound on the number of comparisons needed to sort n keys.

The generating function L,,(u) satisfies (1) which we repeat below (cf. also
[5, 14, 15, 16])

n n

> Li(u)Lyp—i(u), Lo(u)=1. (4)

i=0

u
n+1

Lt (u) =

Note that L,(1) =1 for all n > 0, and that the probability Pr[£,, = k] may be
recovered from the Cauchy integral

1 —k—1
PriL, = k] = i /Cu L, (u)du. (5)
Here C is any closed loop about the origin.

In Section 3, we analyze (4) asymptotically for n — co and for various ranges
of u. The most important scale is where n — oo with u — 1 = O(n™!), which
corresponds to k = E[L,] + O(n) = 2nlogn + O(n). Most of the probability
mass is concentrated in this range of k. As mentioned before, the existence of a
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limiting distribution of (£,, — E[£,])/n as n — oo was established in [15, 16],
though there seems to be little known about this distribution (cf. [3, 5, 7, 13, 18]).
Numerical and simulation results in [3, 5] show that the distribution is highly
asymmetric and that the right tail seems much thicker than the left tail. It is
also of interest to estimate these tails (cf. [13, 16]), as they give the probabilities
that the number of key comparisons will deviate significantly from E[L,], which
is well known to be asymptotically equal to 2nlogn as n — oo (cf. [7, 14]).
Foru —1 =w/n =0(n"!) and n — oo, we shall show that

logn

n

L, (u) =exp (A w/n) (Gg(w) + Gi(w) + %Gz (w) + 0(n1)> (6)

where A,, = E[L,]. The leading term G (w) satisfies a non-linear integral equa-
tion. Indeed, we find that (cf. (39))

e “Go(w) = /0 2@ Gy (wr)Go (w — we)dz (7)
Go(0)=1; Gy(0)=0 (8)

where
o(x) = zlogz + (1 — z)log(l — x) 9)

is the entropy of the Bernoulli(x) distribution. Furthermore, the correction terms
G1(-) and G5(-) satisfy linear integral equations (cf. (40)—(41)).

By using (6) in (5) and asymptotically approximating the Cauchy integral
we obtain

PrLn — B(La) = ny] ~ - P(y) (10)
where
c+ioco
P(y) = QLﬂ"L /7' e YGo(w)dw, (11)
Gotw) = [ ey (12)

and c is a constant. Hence, Go(w) is the moment generating function of the
density P(y).
Now, we can summarize our main findings:

Theorem 1. Consider the Quicksort algorithm that sorts n randomly selected
keys.

(i) The limiting density P(y) satisfies

= [ (e ) (e g e
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and
[ P(y)dy =1, [ yP(y)dy = 0. (14)

(ii) The left tail of the distribution satisfies

Py —E(Ly) <nzlm 21 oxp <—aexp <&>> (15)

;\/210g2—1 2—1log '2
for n = 00, z = —0c0 where a = %01% =0.205021... and B is a constant.

(iii) The right tail becomes
1

—F———€

Cy
2/T we/wy — 1
W 2 u
X expl[—yws +/ idu] (16)
1

Pr[L, —E(L,) > ny] ~ —wy (ws—3+27+log 2)
u

for n — oo, y = +4oo. Here C, is a constant, v is Euler’s constant, while
wy = wx(y) s the solution to

2
y = — exp(w,) (17)
that asymptotically becomes
y y\ , loglog(y/2)
=1 = log 1 = —————(1 1 1
w. = log () + log1og (5) + Tt - (1 +0(1) (18)

fory — oo (cf. (51)).

Finally, we relate our results for the tails to those of McDiarmid and Hayward
[13]. These authors showed that

Pr[|L,—E(L,)| > eE(L,)] = exp[—2¢ logn(loglog n—log(1/¢)+0(logloglogn))],
(19)
which holds for n — oo and ¢ in the range

<e<l1. (20)

logn -

As pointed out in [13], this estimate is not very precise if, say, e = O(loglogn/ logn).
From Theorem 1 we conclude that (since the right tail is much thicker than the
left tail)

Pr(|L, — E(Ln)| > ny] ~ Ck(y)e®™), y = oo (21)
where C is a constant and
W« et 2eW=
¢(y) = YW« +/ _duv Y= s (22)
1 U Wy

efwf ew* (%72w710g 2)

W/ Wy — 1

k(y) =
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We have not been able to determine the upper limit on y for the validity of
(21). However, it is easy to see that (21) reduces to (19) if weset y = eE(L,,)/n =
2elogn+ +e(2y—4) +O(e(logn)/n) and use (18) to approximate w, as y — co.
This yields

W eu B B y B y
yw*—k/1 " du_y[ log(2) loglog(2)+1+o(1)] (23)
= —2¢clogn [loglogn —log(1/e) + loglog(elogn) — 1] + o(logn)

which agrees precisely with the estimate (19), and also explicitly identifies the
O(logloglogn) error term. This suggests that (21) applies for y as large as
2logn, though it cannot hold for y as large as n/2 in view of the fact that
Pr[, = k] = 0 for k > (%). An important open problem is obtaining an
accurate numerical approximation to the constant C. This would likely involve

the numerical solution of the integral equation for Go(w).

3 Analysis

We study (4) asymptotically, for various ranges of n and u, and then we evaluate
the tails of the distribution.

First we consider the limit u — 1 with n fixed. Using the Taylor expansion
L,(u) =1+ A,(u—1)+ Bp(u —1)* + O((u — 1)) (24)
=11 4+ (B —lA2 u—1)2+0((u—1)°
[1+(Bn = 540)(u—1) ((u—1))]

we find from (4) that 4,, = L} (1) and B,, = L]/ (1)/2 satisfy the linear recurrence
equations

1 o 2
Apta :n+n—+-1§[Ai+An_i] =n-+

ZAi; 40 =0, (25)
n+1 P

n M 1 -
B :( ) A, 9B; + AjAn_;]; Bo=0. (26
n+1 2 +n+1§ zn+1+§[ z+ znz] 0 ( )
These are easily solved using either generating functions, or by multiplying (25)
and (26) by n+ 1 and then differencing with respect to n. The final result is (cf.

12, 14))
A, =2(n+1)H, —4n (27)

B, =2(n+ 1)H2 = (8n+2)(n + )H, + 5(23n +17) = 2(n + 1)2HP). (28)

Here H, = 1+ % + % +- 4 % is the harmonic number, and Hr(f) = k2
is the harmonic number of second order. In terms of A,, and B,,, the mean and
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variance of £,, are given by

E[L,] = A, =2(n+1)H, —4n (29)
Var [£,] = LI(1) + L,(1) = [L,(1)]* = 2B, + 4, — A2 (30)
=7n® —2(n+1)H, + 13n — 4(n + 1)>HP.

Asymptotically, for n — co, we also obtain

A, =2nlogn+ (2y—4)n+2logn+2y+ 1+ gnfl +0(n?) (31)

Uy (T 7, 21 2,
_EA":CH_ <§—E>n —2nlogn+n<?—2'y—§7r +o(n). (32)

These expressions will be used in order to asymptotically match the expansion
for u — 1 and n fixed, to those that will apply for other ranges of n and w.

Next we consider the limit v — 1, n — oo with w = n(u — 1) held fixed. We
define G(-) by

L, (u) = exp (A,w/n) G(w;n) = eV G(n(u — 1);n). (33)
From (33) and the identity L/ (1) = A,, = E[L,,] we find that for all n
G(0;n) =1 and G'(0;n) = 0. (34)
We assume that for n — co, G(w;n) has an asymptotic expansion of the form
G(w;n) = Go(w) + a1 (n)G1(w) + az(n)G2(w) + - - (35)

where a;(n) is an asymptotic sequence as n — oo, i.e., ajy1(n)/aj(n) — 0 as
n — oo. We will eventually obtain
logn 1
arn) = 220 ax(n) ==, (36)

n n

so we use this form from the beginning. Note that Go(w) is the moment gener-
ating function of the limiting density of (£, — E[L,])/n, which is discussed in
[16]. The conditions (34) imply that

Go(0) =1; G1(0) =G2(0)=---=0 (37)
GL(0) = G (0) = GH(0) = --- =0, (38)

In fact, in the full version of this paper [11] we prove that G;(w) satisfy the
following integral equations:

1
e Go(w) = / @G (wz) Gy (w — wz)d, (39)
0

1
e YGi(w) = 2/ 162¢(E)MG0(U) —wz)G(wz)de, (40)
0

T
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“YI[Go(w) + %w2G0(w) + wG(w) + Ga(w)] = Go(w) (41)
w/O [20(x) + 3]e** @Gy (wz)Go(w — we)dz

1

1

+ 2/ ﬂez‘p(z)“’Go(w —wz)Gy (wz)de
0 :L'

1
1
+ 2/ Ee2¢(z)wG0(w — wz)Ga (wx)dx.
0

Equations (39)-(41), along with (37) and (38) are integral equations for the first
three terms in the series (35). The leading order equation (39) was previously
obtained in [5], using probabilistic arguments.

Now, we shall examine the leading term Go(w), and we first consider the limit
w — —00. As w — —oo, the “kernel” exp[2w¢(z)] in (39) is sharply concentrated
near z = 1/2, and behaves as a multiple of |w|~'/?6(z —1/2). Thus we treat (39)
as a Laplace type integral (cf. [8]). The case w — oo can be treated in a similar
manner. We prove the following asymptotic expansions (see [11] for details)

2v2 1
~ =Y e - _ _ _
Go(w) g2 we’" exp [(1 o2 2> w log( w)] , w— —00, (42)
' 2e 2 1
Go(w) ~ Cy exp </ %du) e W el 2log 2)“’;, w — 00. (43)
1

Finally, we analyze the tails of the limiting distribution. Using the approxi-
mation (33) for u — 1 = O(n"!), we obtain

1
Pr[ﬁn — E(ﬁn) = ny] = 2—/ Z*[nerAnJrl]Ln(Z)dz (44)
T Jo
11 1
~o —yw .
w2 e YGo(w)dw nP(y)

where Br = (¢ —ioo, ¢ + ico) for some constant ¢, is any vertical contour in the
w-plane. Here we have set z = 1 4+ w/n in the integral. It follows that

Go(w) = /00 eV P(y)dy (45)

—00

so that Go(w) is the moment generating function of the density P(y). In view
of (37) and (38) we have [*_P(y)dy =1 and [*_yP(y)dy = 0.

Observe that, using (33), (35), and (36), we can refine the approximation
(44) to

PriC, — E(L,) = ny] = (P (y) + 1"g"[a( )+ P (y)]

+

S|— 3

[P20)+ P') + 307" 0) + (= DP )] + o) )
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where
11

P = ——
k(v) n2mi /g,

e VG (w)dw
for k=1,2.

An integral equation for P(y) can easily be derived from (39). We multiply
(39) by e~"¥/(2mi) and integrate over a contour Br in the w-plane:

Ply+1) = i / =0+ Go () dw (46)

— Py 200 dtdz,
// < /21 Pz )) <(1 )Hy/ xaﬁ(w))

where we used the well known identity = [, e ¥“dw = d(y), where d(y) is
Dirac’s delta function (cf. [1]). The last expression is precisely (13). The solution
to this integral equation is not unique: if P(y) is a solution, so is P(y + ¢) for
any c.

We now study P(y) = (2mi)~" [, e ¥*“Go(w)dw as y — +oo. We argue that
the asymptotic expansion of the integral will be determined by a saddle point
w = s(y), which satisfies s(y) = oo as y — +oo. Thus for y — —o0, we can
use the approximation (42) for Go(w), which yields

1 2v/2
2mi [, /mlog 2

This integrand has a saddle point where

Ao =t (g —2) wiost-u)| =0,

we=—texp|-—Y¥=0
e 2—1/log2

Py) ~ 22w ey | (g —2) wioglow)| du. (47

log 2

so that
| =iw

which satisfies w(y) — —oo as y — —oo. Then the standard saddle point ap-
proximation to (47) yields

1 1 1
— — (= —2)(w-w)?|d 4
X2m' Br P [21[) <log2 ) (w =) } v (48)
2 1 o B—y 2—1/10g2e B—y
— X — X
me v/2log2 —1 P 2—1/log2 P 2—1/log2
for y — —oo. Thus, the left tail is very small and the behavior of P(y) as y —

—o0 is similar to that of an extreme value distribution (i.e., double-exponential
distribution).
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Now take y — +o00 and use (43) to get
1 yw Y 2e e (1—2v—2log 2)w
Py) ~ — e Y(Cexp 2 du) S—et2r—2l0gu gy, (49)
2mi Jg, 1 U w

The saddle point now satisfies

4 [—yw—l—/ QLdu] =0
dw 10U

or y = 2e"/w. Let w. = w.(y) be the solution to (17) that satisfies w. — oo as
y — 00. Then expanding the integrand in (49) about w = w.(y) and using again
the saddle point approximation yields

W u
P(y) ~ C. VY exp {—yw* +/1 %du] exp[—w? — (2y+2log 2)w,]

2V27 /1 - 1/w, 0

as y — oo, from which (16) easily follows. Thus for y — co we have P(y) =
exp[O(—ylogy)] and hence the right tail is thinner than that of an extreme
value distribution. From (17) it is easy to show that

y y\ , loglog(y/2)
L =log (L) +loglog (¥) + 288W/2) (| 1), . 1
w 0g(2)+ 0g0g(2)+ log(y/2) (1+0(1)) Yy — 00 (51)
For fixed z and y we have, as n — oo,
PriL, —E(L,) < nz] / P(y (52)
PriL, —E(L,) > ny] ~ / P(u (53)
y

If z— —o0 or y — +00, then these integrals may be evaluated asymptotically
using (48) and (50), and we obtain the results (15) and (16), respectively.
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Abstract. We study dense instances of optimization problems with
variables taking values in Z,. Specifically, we study systems of functions
from Z;f to Z, where the objective is to make as many functions as pos-
sible attain the value zero. We generalize earlier sampling methods and
thereby construct a randomized polynomial time approximation scheme
for instances with ©(n") functions where n is the number of variables
occurring in the functions.

1 Introduction

Arora, Karger and Karpinski [1] have constructed a randomized polynomial time
approximation scheme for dense instances of a number of Max-SNP problems,
including Max Cut. They formulate the problems as integer programs with cer-
tain properties, and then construct an algorithm finding, in probabilistic polyno-
mial time, a solution accurate enough to give a relative error of ¢, for any € > 0.
Fernandez de la Vega [3] has also constructed a randomized polynomial time
approximation scheme for dense instances of Max Cut, independently of Arora,
Karger and Karpinski. It is natural to look for generalizations of these ideas
to other problems; for instance one can turn to problems with variables taking
values in Z, rather than Zs. The method of Arora, Karger and Karpinski [1]
does not seem to apply in this case since the integer programs used to express
such generalizations do not have the properties required by the method.

The algorithm of Fernandez de la Vega [3] selects a random subset W of the
vertices in the graph G = (V, E). This subset has constant size. Then, V' \ W
is partitioned randomly into smaller sets. These sets are used to construct a
cut in G by exhaustive search. Finally, it turns out that the randomly selected
subset W has, with high probability, the property that the cut found by the
exhaustive search is close to the optimum cut in dense graphs. Goldreich, Gold-
wasser and Ron [5] generalize these ideas to several other problems, and express
the key idea somewhat differently. In their randomized polynomial time approx-
imation scheme for Max Cut, they partition the vertices of the graph G = (V, E)
into a constant number of disjoint sets V. For each 4 they find a cut in V? by

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM' 98, LNCS 1518, pp. 357-368, 1998.
O Springer-Verlag Berlin Heidelberg 1998
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selecting a small subset U of the vertices in V' \ V. Then they try all possible
partitions 7 of U’ into two parts. Each partition 7 induces a cut in V?. Finally,
when 7 is exactly the partition from the maximum cut restricted to the subset in
question, the weight of the induced cut should, with high probability, be close to
the weight of the maximum cut. In this paper, we continue this line of research
by generalizing the above ideas to arbitrary non-boolean optimization problems.

Frieze and Kannan [4] have constructed a polynomial time approximation
scheme for all dense Max-SNP problems. Their algorithm is a polynomial time
approximation scheme for every problem that can be described as an instance of
Max k-Function Sat with ©(n*) functions. Dense instances of Max k-Function
Sat mod p do not seem to be describable in this manner, and on top of that, the
algorithm proposed in this paper has a simpler structure and shorter running
time than their algorithm.

2 Preliminaries

Definition 1. We denote by Max Ek-Lin mod p the problem in which the input
consists of a system of linear equations mod p in n variables. Fach equation
contains exactly k variables. The objective is to find the assignment mazimizing
the number of satisfied equations.

Definition 2. We denote by Max k-Function Sat the problem in which the input
consists of a number of boolean functions in n boolean variables. Fach function
depends on k wvariables. The objective is to find the assignment maximizing the
number of satisfied functions.

Definition 3. We denote by Maz k-Function Sat mod p the problem in which
the input consists of a number of functions ZI’)c — Zy, in n variables. A function is
satisfied if it evaluates to zero. The objective is to find the assignment mazimizing
the number of satisfied functions.

Definition 4. The class Max-SNP is the class of optimization problems which
can be written on the form

mgx‘{a: 1 d(1, S, x)}

; (1)
where @ is a quantifier-free formula, I an instance and S a solution. (This class
is called Maxz-SNPy in [9].)

For instance, the Max Cut problem is in Max-SNP since it can be described as
max [{(r,9) : B(,y) A S(x) A5}, )

where E(z,y) is true if there is an edge (z,y) in the graph.

Definition 5. A polynomial time approximation scheme for a maximization
problem P with objective function m(-) is a family {A.}, € > 0, of algorithms
with polynomial running time (for fived ) such that m(Ac(I)) > (1 —¢)opt(l)
for all instances I of P, where opt(I) is the optimal value of the instance.
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In this paper we consider randomized polynomial time approximation schemes
where m(A. s(I)) > (1 —€) opt(I) holds with probability at least 1 — 4.

3 Systems with two variables per equation

Max E2-Lin mod p is the most natural subfamily of Max k-Function Sat mod p,
and for clarity we will first describe the polynomial time approximation scheme
and prove the results in this setting.

We consider an unweighted system of linear equations modulo some prime p.
There are n different variables in the system. The equations are of the form

ax; +bry =c (3)

where ¢ # i/, a,b € Z;, and ¢ € Z,. We assume that there are no equivalent
equations in the system. L.e., if the two equations

az; + bxry =c (4)
dzi+bxy =c (5)

both are in the system, we assume that there is no d € Z, such that a = da/,
b =db' and ¢ = dc¢’. We think of variable assignments as functions from the set
of variables to Z,.

Definition 6. Denote by S(X, 7,z < r) the number of satisfied equations with
one variable from the set X and x as the other variable, given that the variables
in X are assigned values according to the function T and x is assigned the value r.

The algorithm we use is based on the Max Cut algorithm by Goldreich, Gold-
wasser and Ron [5], and we use their terminology and notation. The parameters
¢ and t are independent of n. They will be determined during the analysis of the
algorithm.

Algorithm 1 A randomized polynomial time approzimation scheme for Max
E2-Lin mod p with running time O(n?).

1. Partition the variable set V into £ parts V', ... V¥, each of size n/t.

2. Choose ¢ sets U, ... ,U* such that U" is a set of cardinality t chosen uni-
formly at random from V \ V. Let U = Ule U'.

3. For each of the (at most) p* assignments 7: U s Z,, form an assignment
II.:V — Z, in the following way:
(a) Let ©’ = .
(b) Forie{l,... ¢},
(c)  For eachv e V?,
(d) Let j*(v) be the j € Z, which mazimizes S(U*, 7', v « j).
(e) Define I, (v) = j*(v).
(f)  Modify 7' such that «'|y,« = IIL.

4. Let II be the variable assignment 11, which mazximizes the number of satisfied
equations.
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5. Return II.

Our overall goal is to show that it is possible to choose the constants ¢
and t in such a way that Algorithm 1 produces, with probability at least 1 — 9,
an assignment with weight at least 1 — ¢/c times the weight of the optimal
assignment for instances with cn? equations. In the analysis we will use the
constants €1, €2 and €3. They are all linear in €, and will be determined later.

The intuition behind the algorithm is as follows: Since the graph is dense, the
sets U’ should in some sense represent the structure of V' \ V. If we pick some
variable v from V% and some assignment to the variables in V' \ V¢ we will, for
each assignment v « j, satisfy some fraction ¢; of the equations containing v
and one variable from V '\ V¢. We then expect U’ to have the property that the
fraction of the satisfied equations containing v and one variable from U* should
be close to ¢;. It turns out that the decrease in the number of satisfied equations
due to the sampling is O(n?) which implies that the algorithm is a polynomial
approximation scheme only for dense instances of the problem.

Let us now formalize the intuition. From now on, we fix an assignment H to
the variables in V and a partition of V into the £ parts V1, ... V¢, All definitions
and results proven below will be relative to these fixed properties, unless stated
otherwise.

Definition 7. We say that the set U is good if for all except a fraction of at
most €1 of the variables v € V*
S(U' H,v—j) SV\V',Huv«<j)

; — - <ey foradlje Z,. (6)

Remark 1. What we call a good set is essentially what Fernandez de la Vega [3]
calls a representative set.

Lemma 1. For any 6 > 0, it is possible to choose the constant t in such a way
that the probability of a set U being good is at least 1 — §/¢ for a fized i.

Proof. Fix a variable v € V' and some j € Z,. Note that the assignment H
is fixed; the underlying probability space is the possible choices of U?. We now
introduce, for each w € V \ V%, a Bernoulli random variable &; j ., with the
property that

0 otherwise.

1 ifweU?,
gi,j,v,w = { (7)

We can use these random variables to express the number of satisfied equations
containing v and one variable from U®.

SU Ho—j)= Y Squw} Hv— )& uvuw 8)
weV\V?
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Since U is chosen uniformly at random from V \ V¢,

t

Pri&ivw=1= ————. 9
I‘[f 55Uy ] n— |Vz| ( )
Now we construct the random variable
S(U* H ]
Xijo = S(U' H,v— j) ) (10)

t
From Egs. 8 and 9 it follows that

. i .
E[Xi,j,v] — Z S({w}ﬂH%;)zH]) — S(V\V 7'[;1/-7:)(_]) , (11)
weV\Vi n =V n—[V'|
which means that we are in good shape if we can bound the probability that X ; .,
deviates more than 5 from its mean. At a first glance, this seems hard to do. For
X, jv is a linear combination of dependent random variables, and the coefficients
in the linear combination depend on the assignment H and the instance. Since
there are, for each w € V'\ V¥, at most p(p — 1) equations containing v and w,
S({w}, H,v < j) can be anywhere between 0 and p—1, which complicates things
even worse. Fortunately, we can use martingale tail bounds to reach our goal in
spite of our limited knowledge of the probability distribution of Xj ;.. Since the
sets U? have cardinality ¢, exactly ¢ different &i.j,0,w are non-zero, which means
that the sum in Eq. 8 can be written as

t
S(ULH,v—j)=>_ Z. (12)
k=1

Each random variable Zj corresponds to S({wy}, H,v + j) for some wy, € V\V?,
which implies that 0 < Z;, < p — 1. Thus, the sequence

t
A
Xm, =E @Zl,z%...,zm form=0,1,...,t (13)

is a martingale [8] with the properties that

‘Xi7j7’l) - E[XLLUH = |Xvij,v - Xv?,j,v|a (14)
X, = X < (p—1)/t forallme{1,...t}, (15)

which enables us to apply Azuma’s inequality [2,7, 8]:
Pr(| X 0 — E[Xi ]| > 2] < 2e7<31/2- 17, (16)

The above inequality is valid for fixed i, j and v. A set U’ is good if the above
inequality holds for all j and for all but e; of the vertices in V*. Thus we keep i
and j fixed and construct a new family of Bernoulli random variables

- {1 if |Xi 0 — E[Xij0]| > €2,
2,7,V T

. (17)
0 otherwise,
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and set
1
Yij =157 Z Ni,j,v- (18)
Vil &,
veV?
By Eq 16,
Prinijo=1] < 2e*€§t/2(p*1)2, (19)
and thus
E[Y; ] < 2e3t/2(= 1% (20)
We can now use Markov’s inequality to bound
E[Y; ] 2e-c3t/2(p-1)
PrlY;; > e1] < [Yig) <= . (21)
€1 €1

The above inequality is valid for a fixed j, and it can be used to obtain the
probability that U? is good:

p _ .2 _1\2
. 2pe—c2t/2(p—1)
Pr[U" is good] = Pr ﬂ Yij<el| 21— i

Jj=1

- (22)

Finally, we are to determine a suitable value for ¢, in order to make this proba-
bility large enough. If we choose

2(p—1) 20p

t >
€2 deq

; (23)

the probability that U® is good will be at least 1 — 6/£.

Corollary 1. For any § > 0 it is possible to choose the constant t in such a way
that the probability of all U being good is at least 1 —§.

Proof. There are ¢ different U*.

We construct an assignment I7 to the variables in V? by step 3 in Algorithm 1.
If U? is good, we expect the number of equations satisfied by H to be close to
the number of equations satisfied by II. To formalize this intuition, we need the
following definitions.

Definition 8.

w(T)

_ # equations satisfied by the assignment T

= (24)

Definition 9. We say that a variable v € V¥ is unbalanced if there exists a j* €
Z, such that for all j' € Z,\ {j*}

SVA\V', H v < j*)
n— Vil

S(V\V{ H,v—j)
n— |V

> + 3. (25)
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Lemma 2. Let 1 = H|y and II be the assignment produced with this choice
of ™ in step 3 of Algorithm 1. Denote by H' the assignment which assigns to a
variable v the value H(v) if v € V\V* and II(v) if v € V. Then, if U' is good,
it is for any € > 0 possible to choose the constant £ in such a way that

p(H') > p(H) —¢/pt. (26)

Proof. We want to compare the number of equations satisfied by the assign-
ment H to the number satisfied by H’. In particular, we want to bound the
decrease in the number of satisfied equations. As only the values assigned to
variables in V? can differ between the two assignments, the possible sources of
aberrations are the equations where variables in V? are involved. We have four
different cases:

1. Equations of the type av; 4+ bvy = ¢, where vy, vy € V. There are less than
p(p — 1)n? /202 such equations, and at most (p — 1)n?/2¢? can be satisfied
by any given assignment. The decrease is thus less than pn?/2¢2.

2. Equations of the form av 4+ bw = ¢ where v € V? is unbalanced and satisfies
Eq. 6, and w € V*. If we combine Eq. 6 and Eq. 25 we obtain the inequality

S, m v~ j*) < S, v« 5"

; > ; +e3 —2e9 for all 5. (27)

By the construction of Algorithm 1, the value chosen for v will thus be the
correct value, provided that €3 > 2e5. It follows that the number of satisfied
equations of this type cannot decrease.

3. Equations of the form av + bw = ¢ where v € V? is not unbalanced, but
still satisfies Eq. 6, and w ¢ V*. In this case, Algorithm 1 may select the
wrong assignment to v. However, that cannot decrease the optimum value
by much. For, suppose that v = j in the optimal solution, but the algorithm
happens to set v = j'. The reason for that can only be that S(U?,7,v «
") > S(U?, m,v « j). By Eq. 6, this implies that

S(VA\V , Hyv—j) SV\V' Huv«j)

- - - < 2e,. 28
n— Vi n— Vi =2 (28)

Since there are at most |V?| different v that are not unbalanced, we can
bound the decrease in the number of satisfied equations by

VI(S(V\V' Huv—j)—=SV\V' Huv«j)) < 2em?/L. (29)

4. Equations of the form av + bw = ¢ where v € V? does not satisfy Eq. 6,
and w ¢ V*. By construction there are at most &1|V?| such variables in V.
The number of equations of this type is thus less than e1p?|Vi|n. Only
e1p|Vin of these can be satisfied at the same time, and hence a bound
on the decrease is e1p|Vi|n = e1pn?/.

Summing up, the total decrease is at most

2 /042 2 2
2 .
pn®/20% + 2e9n” /€ + e1pnl (30)
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If we select £ = p?/e, e1 = €/4p, e2 = €/8, and €3 = £/3, the total decrease is at
most

en? /2pl + en? [4pl + en? /4pl = en? /pt, (31)
which concludes the proof.

Corollary 2. If all U® are good and we construct from an assignment © = H|y
a new assignment Il as in step 3 of Algorithm 1, it is for all € > 0 possible to
choose the constant £ in such a way that p(II) > u(H) — < /p.

Proof. Let Hy = H and H;,i=1,2,...,/, satisfy H;|y: = II|y: and Hi|y\y: =
H;_1|y\vi. Apply Lemma 2 ¢ times, once for each H;. This corresponds to the
way Algorithm 1 works.

The only observation needed now is that since all results above are valid for
any choice of the assignment H, they are in particular valid when H is the
assignment producing the optimum number of satisfied equations.

Theorem 1. For instances of Max E2-Lin mod p where the number of equations
is ©(n?), Algorithm 1 is a randomized polynomial time approzimation scheme.

Proof. Consider the case when the assignment H is the optimal assignment.
Since all possible assignments 7 to the variables in the set U are tried by the
algorithm, the optimal assignment H restricted to U will eventually be tried.
Corollaries 1 and 2 show that the algorithm produces, with probability at least
1—4, an assignment I such that p(IT) > p(H)—e/p. An additive error of €/p in
p(7) translates into an additive error of en?/p for the equation problem. Since
the optimum of a Max E2-Lin mod p instance with cn? equations is at least
en?/p, this gives a relative error of at most ¢/c.

4 The general case

The algorithm described in the previous section is easily generalized to handle
instances of Max k-Function Sat mod p as well — it does not use any special
feature of the Max E2-Lin mod p problem. As for Max E2-Lin mod p, we as-
sume that the set of functions does not contain any redundancy — all functions
are assumed to be different. This is actually a weaker constraint than the one
imposed on Max E2-Lin mod p; in the context of Max k-Function Sat mod p
problems, ax; + bz — ¢ and adzx; + dbxy — de (for d ¢ {0,1}) are considered dis-
tinct functions whereas the corresponding Max E2-Lin mod p equations would
be considered identical.

The analysis assumes that all functions in the instance are satisfiable. This
is needed to ensure that the optimum of an instance with cn® functions is at
least en® /p*.

We can adopt the techniques used in the proofs for the Max E2-Lin mod p
case to this more general case with some minor modifications.
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Definition 10. We extend the notation S(X, T,z < r) to mean the number of
satisfied functions with k — 1 variables from the set X and one variable x ¢ X,
given that the variables in X are assigned values according to the function T and
x is assigned the value r.

Definition 11. We say that the set U* is good if for all except a fraction of at
most €1 of the variables v € V?

S, Hv—j) SV\V',Huv«j)

(x21) ("

Lemma 3. For any § > 0, it is possible to choose the constant t in such a way
that the probability of a set U being good is at least 1 — 6/ for a fized i.

<ey foradlje Z,. (32)

Proof (sketch). Fix a variable v € V* and some j € Z,,. If we introduce, for each
w C V' \ V¥ such that |w| = k — 1, a Bernoulli random variable &; j ,, . with the
property that

1 ifw C U,
Ei,j,v,w = { B (33)

0 otherwise,

we can write

SULHw—j)= > Sw Hve— )& uvw. (34)

wCV\V?
|lw|=k—1

There are ppk functions from Z{; to Z, and a fraction 1/p of these are satisfied

simultaneously, which implies that

k

0 < S(w, Hyv— j) <p” L, (35)

To simplify the notation, we put

T = (k;) (36)

As in the proof of Lemma 1, we define

S(U', H,v + j
Xijow= % (37)

The sum in Eq. 34 contains T non-zero terms. We construct a martingale
Xio’jw7 e ,ng,v by conditioning on these terms, as in the proof of Lemma 1.

The Lipschitz condition in Eq. 15 then changes to

IX™m XN <P YT forallme {1,...,T). (38)

VR 1,5,V
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By choosing

1
— 1) 1p20*-1) BT
t2k2+<2(k 1)'2” ln%> . (39)
€5 e

it can be verified that the probability that U? is good is at least 1 — 6/£.

Lemma 4. Let m = H|y and IT be the assignment produced with this choice 7 in
step 3 of Algorithm 1. Denote by H' the assignment which assigns to a variable v
the value H(v) if v € V\ V® and II1(v) if v € V. Then, if U is good, it is for
any € > 0 possible to choose the constant £ in such a way that

W(H') > p(H) - 2/pbt. (40)

Proof. To bound the decrease in the number of satisfied functions, we perform
a case analysis similar to that in the proof of Lemma 2.

1. Functions which depend on more than one variable from V?. At most

ppk—lnk

> (41)

such functions can be satisfied by any given assignment.

2. Functions depending on v € V' but not on any other variable in V? where v
is unbalanced and satisfies Eq. 32. As in the proof of Lemma 2, the number
of satisfied functions of this type does not decrease if €35 > 2¢5.

3. Functions depending on v € V* but not on any other variable in V* where v
is not unbalanced but satisfies Eq. 32. In this case Algorithm 1 can select the
wrong assignment to v. Suppose that v = j in the optimal solution but that
the algorithm sets v = j’. This implies that S(U*, w,v « j') > S(U%, 7, v «
j) and by Eq. 32

S(VA\V  Hyov—j) SWV\V', Huv«j)
O G
k-1 k-1

Since there are at most V| different v that are not unbalanced, we can
bound the decrease in the number of satisfied functions by

< 2. (42)

252’1’Lk

VASWAVE Ho = ) = SVAVS Hyw = ) < =

(43)

4. Functions depending on v € V' but not on any other variable in V? where
v does not satisfy Eq. 32. By construction there are at most £;|V*| such
variables in V?. The number of functions of this type is thus less than
e1[VEipP nF=1/(k—1)!. Only e, [VE[pP" —1n*=1/(k—1)! = e1p?" ~1nk J0(k—1)!
of these can be satisfied at the same time, which gives us a bound on the
decrease.
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Summing up, the total decrease is
ppkflnlc 2eonk slppkflnk

JZ I T e ST

(44)
By choosing
l= 2ppk+k*1/e, (45)
er = e(k — 1)l /4pP" TF—1, (46)
g9 = e(k —1)!/8pF, (47)
e3 =e(k —1)!/3p", (48)
the total decrease becomes at most en®/p*¢.

Theorem 2. For instances of Max k-Function Sat mod p where the number
of satisfiable functions is O(n*), Algorithm 1 is a randomized polynomial time
approximation scheme.

Proof. Follows that of Theorem 1 with the only difference being that the opti-
mum of a Max k-Function Sat mod p instance with cn” satisfiable functions is
at least cn® /pF.

5 Conclusions

We have shown how to construct a randomized polynomial time approximation
scheme for dense instances of Max k-Function Sat mod p. The algorithm is
intuitive, and shows the power of exhaustive sampling. The running time of the
algorithm is quadratic in the number of variables, albeit with large constants.
Using methods similar to those of Goldreich, Goldwasser and Ron [5], we can
convert our algorithm into a randomized constant time approximation scheme.
The algorithms in this scheme only compute numerical approximations to the
optimum, they do not construct assignments achieving this optimum.

As a special case, Theorem 2 implies the existence of a polynomial time
approximation scheme for dense instances of Max E3-Lin mod p. This result is
interesting when compared to the lower bounds found by Hastad [6] for systems
of equations with at least 3 variables in each equation: In the general case, there
is no polynomial time approximation algorithm achieving a performance ratio
of p— ¢ for any € > 0 unless P = NP. Zwick [10] studied the problem of finding
almost-satisfying assignments for almost-satisfiable instances of some constraint
satisfaction problems. Also for this restricted problem, approximating Max Ek-
Lin mod 2 (in the sense defined by Zwick) is hard by the results of Hastad [6].

It is well known [9, Theorem 13.8] that a Max-SNP problem can be viewed
as a Max k-Function Sat problem for some fixed integer k. Arora, Karger and
Karpinski [1] call an instance of a Max-SNP problem dense if the instance of
Max k-Function Sat produced using it has 2(n*) functions. We have shown in
this paper that there are natural extensions of these concepts to functions mod p.
This extends the notion of denseness also to non-boolean optimization problems.
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Abstract. We study local-control algorithms for maximum flow and multicommodity
flow problems in distributed networks. We propose a second-order method for acceler-
ating the convergence of the “first-order” distributed algorithms recently proposed by
Awerbuch and Leighton. Our experimental study shows that second-order methods are
significantly faster than the first-order methods for approximate single- and multicom-
modity flow problems. Furthermore, our experimental study gives valuable insights into
the diffusive processes that underly these local-control algorithms; this leads us to iden-
tify many open technical problems for theoretical study.

1 Introduction

The multicommaodity flow problers the problem of simultaneously shipping multiple com-
modities through a capacitated network such that the total amount of flow on each edge is
no more than the capacity of the edge. Each commaditgs a source node, a sink node,
and an associatedemandd;, which is the amount of that commodity that must be shipped
from its source to its sink. The objective is to find a flow that meets the individual demands of
all the commodities without exceeding any edge capacity (findifegsible floy*. The case
when there is only a single commodity and the goal is to maximize the feasible flow is the
well knownmaximum flow problenThe importance of the single- and multicommodity flow
problems need hardly be stressed — a substantial body of work in Algorithms and Operations
Research is devoted to these problems.

In this paper, we focus on local-control (or distributed) algorithms for the single- and mul-
ticommodity flow problems. Besides their inherent interest, local-control algorithms for these
problems are relevant because of the following reasons:

(1) Many routing, communication, and flow-control problems between multiple senders and
receivers, including various uni/broad/multicasts, can be modeled as multicommodity flow
problems on networks (e.g., see the references in [BG91, BT89, AL93, AL94, AAB97]).
These applications typically require online, local-control (distributed) algorithms, since
global communication and control is expensive and cumbersome. Local algorithms for

4 An alternate objective is to maximizesuch that the flow satisfies a percentagef every demand
without exceeding any edge capacity (calleddbecurrent flow problerfSM86]); we do not consider
this version here.

M. Luby, J. Rolim, and M. Serna (Eds.): RANDOM' 98, LNCS 1518, pp. 369-384, 1998.
O Springer-Verlag Berlin Heidelberg 1998
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multicommodity flow not only provide a generic solution to these problems, but they also
give valuable insights for the centralized/global solution of these problems.

(2) The best currently known algorithms for maximum flow and multicommodity flow prob-
lems are fairly sophisticated (see, e.g., [GR97, GT88, K97, LM+91, V89]), and typically
rely on augmenting paths, blocking flows, min-cost flows, or linear programming. In con-
trast, local-control algorithms are appealingly simple, as they rely on simple “edge balanc-
ing” strategies of appropriately balancing commaodities between adjacent nodes (details
below). Thus, they are easy to implement, understand, and experiment with.

(3) Local-control algorithms have several other attractive features. For example, they adjust
gracefully to dynamic changes in the topology (e.g., link failures) and the traffic demands
(e.g., bursty multicasts) in communication networks. Theyit@mative, that is, running
them longer gives progressively better approximations to the optimal solution. Hence, one
can use them either for rapid coarse solutions or for slow refined solutions. Finally, they
may expose alternate structure in the problem, as the convergence of such local-control al-
gorithms is typically related to the eigenstructure of the network (for intuition, see [C89]).

1.1 First-Order Algorithms

Local-control algorithms for the multicommodity flow problem were recently designed by
Awerbuch and Leighton [AL93, AL94]. Their algorithms proceed in parallel rounds. At the
start of a round, (approximately) units of commodityi are added to the source node of that
commodity, wherel; is the demand of commodity The commodities accumulated in each
node are then distributed equally among the local endpoints of the incident edges, and flow is
pushed across each edge of the network so as to “balance” each commodity between the two
endpoints of the edge (subject to edge capacity constraints). Finally, any commodity that has
arrived at the appropriate sink is removed from the network. How to trade off the flow between
different commodities that compete for the capacity of an edge is nontrivial. Awerbuch and
Leighton proved in [AL93, AL94] that this simple “edge balancing” algorithm (and some of its
variants) converges and, maybe somewhat surprisingly, that it provides a provably approximate
solution to the multicommodity flow problem in a small number of rounds.

We refer to such edge-balancing algorithmdiest-order algorithms The first-order al-
gorithms in [AL93, AL94] can clearly be implemented on a distributed network in which
each node communicates only with neighboring nodes and has no global knowledge of the
network® Similar local-control algorithms have been designed for several other problems
[LW95], including distributed load balancing [C89, AA+93, MGS98] and end-to-end com-
munication [AMS89].

A patrticularly simple local-control algorithm can be obtained for the case of the maxi-
mum flow problem by specializing the first-order algorithm in [AL93, AL94] for the single-
commodity case. There are many other algorithms for the maximum flow problem, but none
that is a distributed first-order algorithm. The algorithm most closely related in spirit is the
algorithm of Goldberg and Tarjan in [GT88], where a “preflow” is adjusted into a flow by
pushing excess local flow towards the sink along estimated shortest paths. However, this al-
gorithm needs to maintain estimated shortest-path information and is thus less amenable to a
distributed, local-control implementation in dynamic networks.

5 In contrast, other approximation algorithms for the multicommodity flow problem rely on global com-
putations [V89, LM+91].
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1.2 Second-Order Algorithms

In this paper, we initiate a new direction in distributed flow algorithms aimed at speeding up
the first-order algorithms of [AL93, AL94] for the multicommaodity flow problem. The basic
idea is that in any round, we use the knowledge of the amount of flow that was sent across the
edge in the previous round in order to appropriately adjust the flow sent in the current round.
Specifically, for a parametet, the flow sent across an edge is chosepft imes what would
be sent by the first-order algorithm, plds- 1 times what was actually sent across the edge in
the previous round. (A more detailed description of these methods is given in Sections 3 and
4.)

We call algorithms derived in this mannezcond-order algorithmg$erhaps surprisingly,
the main conclusion of this paper is that second-order algorithms appear to substantially out-
perform their first-order counterparts for maximum flow and multicommaodity flow problems,
as shown by our experiments.

1.3 Background and Related Work

First-Order methods. The first-order algorithm of Awerbuch and Leighton for the maximum
flow problem is conceptually similar to the probabilistic phenomena of diffusion and random
walks. The algorithm works based on diffusion since the excess flow always flows down the
gradient along each edge. For simpler problems such as distributed load balancing, if one con-
siders the vector of flows accumulated at the nodes as iterations progress, they can be modeled
as transitions of a Markov Chain, or a suitable random walk [C89]. However, for the general
multicommodity flow problem, these conceptual similarities have not yet been formalized.
The analysis of Awerbuch and Leighton is sophisticated even for the case of the maximum
flow problem. It does not rely on Markov Chain methods, and is entirely combinatorial.

First-order algorithms for flow problems are also related to matrix-iterative methods for
solving linear systems, and in particular, the Gauss-Seidel iterations. This connection is made
explicit in [BT89]. Also, there is a way to interpret the first-order algorithms as iteratively
solving a dual network optimization problem involving a single variable per node. At each
iteration, the dual variables of a single node or its incident edge flows are changed in an attempt
to improve the dual cost. This process is also explained in [BT89].

Thus, there are intriguing connections between the first-order methods for flow problems
and classical techniques such as matrix-iterative methods, diffusion, random walks and primal-
dual relaxations. These techniques have been studied in different areas with somewhat different
emphasis, but seem directly relevant to the work in [AL93, AL94].

Second-Order methodsSecond-order algorithms, as described above, may seem ad-hoc, and
further explanation is needed to motivate them. Our second-order algorithms are motivated
by the observation that the first-order flow algorithms in [AL93] are iterative methods rem-
iniscent of the matrix-iterative methods used for solving systems of linear equations. There
is already a mature body of knowledge about speeding up these first-order methods (see, e.g.,
[A94, BB+93, HY81, Var62]). Very recently, these methods were explored for speeding up dif-
fusive load-balancing schemes [MGS98]. Of the many known iterative techniques, the authors
in [MGS98] identified a specific second-order scheme best suited for distributed implementa-
tions, and our second-order scheme for the multicommodity flow problem is inspired by that
method.
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There are fundamental similarities between our work here and the work in [MGS98] for
distributed load balancing, but there are fundamental differences as well. The basic similarity
is that our algorithmic strategy for second-order methods relies on the same stationary accel-
eration of the first-order method determined by a parante{éixed throughout all iterations)
as that in [MGS98]. The main difference arises in the fact that the problem of multicom-
modity flow is much more general than the distributed load-balancing problem considered in
[MGS98]. First, the edges in our problem have capacity constraints, while the edge capacities
are unbounded in the load-balancing problem. Second, our algorithrdgraamian that they
introduce new flow in each round as described in Section 3; in contrast, the total load remains
unchanged in [MGS98]. There are other differences (such as the fact that we do @Usse
as in [MGS98]), but we omit these details.

The similarity of iterative flow algorithms to matrix-iterative methods and distributed load
balancing is helpful. In particular, known results [Var62] show that 3 < 2 is theonly
suitable range for the convergence of that iterative method. Furthermore, from the results in
[MGS98], we would expect that the second-order method will be outperformed by the first-
order method fo) < 8 < 1, and thus the fruitful range fof is (1,2); as we will see,
this also holds for distributed flow problerfisdowever, the above mentioned differences ex-
plain the considerable difficulty in analyzing the first-order and second-order method for the
multicommodity flow problem [AL93, AL94]. The first-order method for distributed load bal-
ancing can be analyzed fairly easily based on stationary Markov Chain methods [C89], and
known second-order analyses for matrix-iterative methods can be fairly easily adopted to load
balancing [MGS98]. However, standard approaches (e.g., based on Dirichlet boundary con-
ditions [C97] for analyzing dynamic situations) do not seem to apply if edges have capacity
constraints.

1.4 Contents of this Paper

In this paper, we propose second-order methods for accelerating the distributed flow algo-
rithms proposed by Awerbuch and Leighton [AL93, AL94]. We perform an experimental study
and show that the second-order algorithms are significantly faster than the first-order ones of
[AL93, AL94] both for the maximum flow and the multicommodity flow problems. This is of
possible applied interest as an online distributed solution for many routing problems arising in
communication networks. Surprisingly, our algorithms seem to be of interest in the off-line,
centralized context as well. While our algorithms are not as fast as the best known algorithms
for the maximum flow problem, they seem to be at least competitive with (and possibly much
faster than) the best known algorithms for the approximate multicommodity flow problem.
This is a bit surprising since the best known centralized algorithms for the multicommodity
flow problem [LM+91] use sophisticated techniques; in contrast, the first-order and second-
order algorithms are exceedingly simple.

Our experimental study also leads to a number of observations and conjectures about the
behavior of the diffusive processes used in the first- and second-order flow algorithms. We
describe some of these as open problems for theoretical study.

6 See [MGS98, Var62] for results on choosing the “best” valug,afind [DMN97] for choosing the best
[ for distributed load-balancing as a function of the graph structure. We plan to perform an experi-
mental study of the best choices@for flow problems on different classes of input graphs in the near
future.
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The remainder of this paper is organized as follows. The next section provides some defini-
tions and notations used throughout the paper. Section 3 describes the first-order and second-
order methods for the maximum flow problem, and presents a variety of experimental results.
These results also give intuition to the reader about the behavior of first- and second-order
algorithms for flow problems. Section 4 describes the algorithms and experimental results for
the case of multicommodity flow, and they are more interesting in terms of comparative per-
formance. A few open questions appear in Section 5.

We have a fully functional implementation with a graphical interface for vizualizing the
behavior of our algorithms. Some additional information about our implementation and the
input instances used in our experiments is contained in the appendix.

2 Preliminaries

Throughout this paper, we assume a network (or gré@phy (V, E) with n nodes andn
edges. We assume a model of the graph in which eachesidgbe network has one capacity
c1(e) > 0in one direction, and another capaaitfe) > 0 in the other directior. Each node
v has one queue for each incident edge. This queue can hold an unbounded amount of flow (or
commodity), and should be considered as being located at the endpifitite edge.

In the case of the maximum flow problem, we are given a source nadd a sink node,
and our goal is to maximize the flow betweseandt. In the multicommodity flow problem with
k commodities, we are givel source/sink pairgs;, t;) and corresponding demands and
we are interested in finding a flow that satisfies the demands of all commodities, if such a flow
exists. In the description of the algorithms, we usge) (or A(e) in the single-commodity
case) to denote the difference between the amounts of commdditated in the queues at
the two endpoints of edge

3 Maximum Flow

In this section, we focus on the maximum flow problem. This special case of the multicom-
modity flow problem leads to patrticularly simple and efficient versions of the first-order and
second-order methods. In the first subsection, we describe the first-order local-control algo-
rithm for maximum flow. In Subsection 3.2 we explain our new second-order method, while
Subsection 3.3 presents and discusses our experimental results.

3.1 First-Order Distributed Maximum Flow

We now describe the first-order algorithm for maximum flow. The algorithm proceeds in a
number of synchronous parallel rounds (or iterations), where in each round, a small set of
elementary operations is performed in each node and each edge of the network. In particular,
each round consists of the following steps.

" Thus, each edge is equivalent to two directed edges with their own capacfti¢andcs (e). However,
our algorithms and implementations also extend to a graph model where the capacity of each edge is
shared between the two directions.
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(1) Addd units of flow to the source node, whetes chosen as the sum of the capacities of
the outgoing edges (or some other upper bound on the value of the maximum flow).

(2) In each node, partition the flow that is currently in the node evenly amongsthe local
queues of thé(v) incident edges.

(3) In each edge, attempt to balance the amount of commodity between the two queues
at the endpoints of the edge, by routingn{ Age) ,c(e)} units of flow across the edge,
whereA(e) is the difference in the amount of flow between the two queuescgr)ds
the capacity of the edge in the direction from the fuller to the emptier queue.

(4) Remove all flow that has reached the sink from the network.

We point out that this algorithm is a simplified version of the algorithm in [AL93] for
the single-commodity case; the simplification results from the fact that we do not have to
resolve any contention between different commaodities. One consequence is that the algorithm
correctly finds the maximum flow evendfis much larger than the value of that flow, that is,
the algorithm does not rely on the existence of a feasible flow of vélue

3.2 Second-Order Distributed Maximum Flow

We now describe how to obtain a second-order method for distributed maximum flow. As
already mentioned in the introduction, the second-order method computes the flow to be sent
across an edge in the current round as a linear combination of the flow that would be sent
according to the first-order method and the flow that was sent in the previous iteration. The
second-order method has an additional paramgteith the case = 1.0 being identical to

the first-order method. More precisely, Step (3) of the above algorithm becomes:

(3a) In each edge, compute the desired flow across the edge as

Ale

f=- 2oy
whereA(e) is defined as before, anf is the (possibly negative) amount of flow that was
sent in the direction of the imbalance, in the previous iteration.

(3b) Obtain the amount of flow actually sent across the edge by adjysfimghe capacity of
the edge, and for the amount of commaodity available at the sending queue.

Note that the value of computed in Step (3a) can not only exceed the available edge
capacity, but may also be larger than the amount of commodity available at the sending queue.

Idealized and Realistic VersionsWe distinguish two cases depending on how Step (3b) is
handled if the amount of commodity available at the sending queue is smaller than the flow to
be sent across that edge as calculated in Step (3a). idedkizedalgorithm, we treat the flow
accumulated at each node as just some (possibly negative) number, and we send out as much
flow as the capacity constraint permits even if the amount of commodity stored at a sending
queue becomes negative as a result. Inrgiadistic algorithm, we treat the flows as physical
flows and therefore, flows at nodes may only be non-negative. Thus, we send out the minimum
of the flow calculated in Step (3a), the capacity of the edge, and the flow in the sending queue.
We expect the idealistic algorithm to converge faster, and in general, have smoother con-
vergence properties than the realistic algorithm. In order to solve the standard sequential max-
imum flow problem, it suffices to implement the idealized case. However, if we want to solve
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the flow problem online in a distributed environment as flow continuously enters the source,
the realistic algorithm must be employed. In what follows, our experimental results are for the
realistic algorithm unless stated otherwise.

3.3 Experimental Evaluation

In this subsection, we present a number of experimental results on the behavior of the first-
order and second-order methods. Due to space constraints, we cannot hope to provide a de-
tailed study of the behavior of the methods on different classes of input graphs. Instead, we
present a few selected results that illustrate the most interesting aspects of the behavior of the
algorithm, and provide a brief summary of other results at the end. Some information about our
implementation, and about the graphs used in the experiments, can be found in the appendix.

Dependence o3 We first look at the performance of the second-order method for different
values of the paramet@r Figure 3.3 shows the flow arriving at the sink in each time step, for
several choices gf ranging from1.0 to 1.95, using a20-level mesh graph with02 nodes and
1180 edges. The results in Figure 3.3 show that the rate of convergence increases significantly
as we increas@ from 1.0 to 1.95. In particular, afterl500 iterations, the first-order method
(8 = 1.0) is still more thanl0% away from the exact solution. In contrast, the second-order
method with3 = 1.95 has already converged to withirD01%, and with a few thousand more
iterations it reaches essentially floating point precision.

Figure 3.3 shows the behavior of the algorithms for very small and very large valges of
In particular, we see that fg# = 0.5 the performance of the algorithm becomes even worse
than in the first-order method, while for= 2.5, the method becomes unstable, and does not
converge to a final value. We point out that we observed a similar overall behavior on all the
graphs that we tested, with very rapid convergence for the best valyegustially, but not
always, around.9), slower convergence for smaller valuesipfand instability as we increase
3 beyond2.0.

In general, the “optimal(3, namely, the one that gives the fastest convergence is probably
a complex function of the eigenstructure of the underlying graph. This is provably the case in
second-order methods for the distributed load balancing problem [MGS98]. Although in many
of the examples we show here, the optimiak large (around.95), there are cases when a
smaller value of3 is preferable; see Section 4.2 for one such example.

Convergence of Edge FlowsThe results in Figure 3.3 indicate a very rapid convergence of
the amount of flow that arrives at the sink. However, this does not directly imply that all the
flows inside the network converge to a steady state. To investigate whether this is the case, we
define theflow change nornas the sum, over all edges, of the absolute value of the change in
flow between the current and the previous iteration. Thus, if this norm converges to zero, then
the network converges to a steady flow state.

Figure 3.3 shows the behavior of this norm fbequal to1.0, 1.5, and1.95, for the mesh
graph considered before. As can be seen, the flow change norm converges to zero. Convergence
is again most rapid for values gfaround1.9. Note that for the firsi 50 or so iterations, the
flow change norm fo3 = 1.95 is actually larger than that of the other curves, indicating a



376 S. Muthukrishnan and T. Suel

~ ~ 1500
= =
g ®
2 2 — bea=10
s S 10007 ba::i.s
E g ---beta=19%
8 8
T L 5004

R T T o3 50 1000 1500

Iterations Iterations Iterations

Fig. 1. Convergence of the
second-order method with Fig. 2.Behavior forg = 2.5 Fig.3. Convergence of the flow
setto 1.0 (lower curve), 1.2,  (upper curve) an@ = 0.5 change norm fof equal tol.0, 1.5,
1.4, 1.6, 1.8, and 1.95 (up- (lower curve). and1.95.
per curve).

faster initial response to the injected flow. A similar rapid convergence behavior of the flows
was observed in all our experiments.

The convergence of the flows is significant because it allows us to directly use the stabilized
flow in the network as an approximate solution for the standard offline maximum flow problem,
instead of computing the flow by averaging out the history of the edge flows, as suggested in
[AL93]. Averaging the history implies the algorithm must be run for a much longer period to
obtain a good approximation since the approximation ratio is then given by the ratio of the area
under the curve and the area under the horizontal line at the height of the maximum flow.

Idealized Second-Order Method Recall that in Step (3b) of the second-order method, we
may have to adjust the amount of flow sent across an edge in order to avoid getting a negative
amount of commodity in the sending queue. In the following, we investigate how the behavior
of the algorithm changes if we allow negative amounts of commaodity at the nodes, that is, we
consider the idealized second-order method described in Subsection 3.2, which does not adjust
the flow for the amount of available commaodity.

Figure 3.3 shows the convergence of the idealized and realistic methods for different values
of 3, for the mesh graph considered before. Note thasfer 1.95, the flow converges to more
than15 digits of accuracy in less thal000 iterations. If we increasg further towards2.0
we notice that the flow starts oscillating more extremely, and for values béyotite method
does not converge anymore. Figure 3.3 shows the behavior of the idealized method for the case
of 8 = 2.0. (For the realistic method, this effect appears to be slightly less abrupt in that the
method becomes instable more slowly as we incrgdseyond2.0.)

Note that whether allowing negative amounts of commodity at the nodes is appropriate or
not depends on the particular application. If the goal is just to find a solution to the maximum
flow problem, and the actual routing of the commaodities is done in a separate phase afterwards,
then the idealized version is fine. On the other hand, a major advantage of the distributed
methods is that they overlap the process of finding the flow paths with that of routing the
commodities, in which case the idealized version is not appropriate.
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4  Multicommodity Flow

In this section, we consider the case of multiple commodities. We first outline the first-order
algorithm, which is a slightly simplified versiémf the algorithm proposed by Awerbuch and
Leighton [AL93], and describe the modifications needed for the second-order method. We then
present our experimental results.

4.1 Description of the Algorithms

As in the single-commodity case, the algorithm proceeds in parallel rounds (or iterations). In
our first-order implementation, the following operations are performed in each round.

(1) Addd; units of commodityi to source node;, for 0 < i < k.

(2) For each node and each commodity, partition the amount of commaoditythat is cur-
rently in nodev evenly among thé(v) local queues of thé(v) incident edges.

(3) Ineach edge, attempt to balance the amount of each commodity between the two queues
at the endpoints of the edge, subject to the capacity constraint of the edge. Several com-
modities may be contending for the capacity of the edge; this contention is resolved in the
following way:

Let A;(e) be the difference in the amount of commoditiyetween the two queues at the
endpoints of edge. The flow f; for commodityi is computed from thd;, A;(e), and the
edge capacity by using the algorithm described in Section 2.4.1 of [AL93], the details of
which are omitted here.

(4) Remove from the network any commodity that has reached the appropriate sink.

8 In particular, we get rid of the terms needed for the analysis in [AL93].
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The second-order method can again be obtained with only a minor change in the algorithm.
In particular, we compute

Al(e) =B Ai(e) +2.0-(B—-1)- f},

where f! is the amount of commodity sent across the edge in the previous iteration. In the
non-idealized version of the algorithm, where we do not allow negative amounts of commaodity,
we also have to adjust;(e) if AT(e) is larger than the amount of commoditgivailable in the
sending queue; this leads to the idealized and realistic case as with the maximum flow problem.
We then apply the same algorithm as in the first-order method to resolve contention between
the different commodities, but use th¥(e) in place of theA;(e).

4.2 Experimental Results

We now present experimental results on the performance of the second-order method. Due to
space constraints, we can only give a few selected results.

Sample Performance ResultsFigure 4.2 shows the behavior of the idealized second-order
method withg = 1.95 on a5 x 5 x 20 RMF graph with5 sources and sinks selected at random
from the nodes in the first and last level of the graph, respectively. The demands for the flows
were chosen such that the flow is feasible, but within al2§titof the upper bound given

by the maximum concurrent flow. Figure 4.2 shows 3H®ws converging to their respective
demands. After abodt00 iterations, all flows have converged to witHi6 digits of precision.

In contrast, if we use the first-order method on this problem, then we need mor&0thsn
iterations to converge to within0% of the demands.

w04/,

g

g

|
054 |/
!

Flow arriving at sink
Flow/demand ratio

g

100 2000 300
Iterations Iteration

Fig. 7. Convergence of the realistic and idealized
Fig. 6. Convergence of the idealized second-ordesecond-order methods with different values®f
method with3 = 1.95 on an RMF graph with five on a500 node RMF graph witt25 commodities.
commodities. For each case, we plot the maximum and minimum

flow/demand ratios over all commodities.

Figure 4.2 shows the behavior of the second-order method ox & x 20 RMF graph
with 25 commaodities routed between the first and the last layer of the graph, with demands
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chosen at random and then scaled such that they are wviithiaf the maximum concurrent

flow. The values measured on thexis are the minimum and maximum fractionsover all
commodities, such thattimes the demand of a commaodity arrives at its sink in a given step.
Figure 4.2 shows the convergence behavior for the realistic second-order methgd-witlf),

1.5, and1.95, and for the idealized second-order method vite 1.95 and1.99. The figure

shows a clear advantage of the second-order over the first-order method, and of the idealized
over the realistic method.

Dependence on3. The behavior of the second-order multicommaodity flow algorithms for
varying values ofg turned out to be similar to that of the second-order maximum flow al-
gorithm. While for most of our input graphs the optimal valuefoivas betweeri.95 and

1.99, there are other classes of graphs where the optimal value is significantly smaller; see
Figures 4.2 and 4.2 for an example.

Flow arriving at sink
N
1
Flow arriving at sink
S
1
=

0 20 40 60 80 0 20 40 60 80
Iterations Iterations

Fig. 8. Behavior of the idealized second-orderFig.9. Behavior of the idealized second-order

method on & node clique graph with commodi- method on & node clique graph with commodi-

ties and3 = 1.4. ties and3 = 1.98.

Running Times. In Table 1, we provide some very preliminary timing results. All timings
were performed on a Sun Ultra 30 workstation w0 Mhz UltraSPARCII processor and
256 MB of RAM, and the codes were compiled with th® option using the vendor-supplied
C compiler.

As input graph, we used @ x 5 x 20 RMF graph, with25, 50, and100 commodities.
All demands had the same value, while the capacities of the forward edges in the RMF graph
were chosen at random. The sources and sinks were chosen from the first and last panels,
respectively, of the graph.

We give running times for four different methods: (1) the basic first-order method, as de-
scribed by Awerbuch and Leighton [AL93], (2) the realistic second-order methoddwith

? Thus, since the number of nodes in the first panedsisthe number of “commodity groups” (see
[LSS93]) in the implementation of Leong, Shor, and Stein [LSS93] is at @shdependent of the
number of commodities.
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1.99, (3) the idealistic second-order method with= 1.97, and (4) the Maximum Concurrent
Flow code of Leong, Shor, and Stein [LSS93], referred to as LSS.

Algorithm 25 commoditiess0 commaoditiesl00 commodities
Leong-Shor-Stein (LSS) 519.71 456.1( 501.74
First-order (Awerbuch-Leighton) 642.99 1233.37 2836.61
Realistic second-ordeff = 1.99 149.01 304.64 645.16
Idealistic second-ordeg = 1.97 9.54 27.7Q 70.41

Table 1. Running times (in seconds) of the different algorithms @®@&node RMF graph. For LSS, we
chosee = 0.05, while for the other codes, we terminated the runs after every commodity was within a
0.01 factor (first-order) 00.001 factor (second-order) of its demand.

When looking at these numbers, the reader should keep the following points in mind:

(1) The code of Leong, Shor, and Stein [LSS93] solves the more general problem of maximiz-
ing the ratio of feasible flow, while our code only finds a feasible flow. However, we are
not aware of any code for feasible flow that outperforms LSS. Following the suggestion in
[LSS93], all our runs are performed with demands very close to the maximum feasible, by
scaling the demands using the maximum edge congestion returned by LSS.

(2) The results for LSS are most likely not optimal, as we were unsure about the best setting
of parameters for the code. Given the results reported in [LSS93] and the increases in CPU
speed over the last few years, we would have expected slightly better numbers.

(3) We have notyetimplemented a good termination condition for our code. Instead, we chose
to measure the time until all flows at the sinks have converged to within a factor of at most
0.001 (second-order method) 6r01 (first-order method) of the demands.

(4) We limit the reported numbers to RMF graphs due to differences in the graph formats used
in LSS and in our code, which did not allow a direct comparison on other types of graphs.

We point out that the behavior of the LSS algorithm is fairly complex, while the perfor-
mance of our second-order methods is dependent on the precise ch8icehol, one should
be careful when trying to infer general performance trends from the few numbers provided
above. However, our experiments with other graphs also showed a similar behavior. Thus, we
believe that our implementation is at least competitive with the best previous codes, and may
in fact significantly outperform them. We plan to perform a more thorough study in the future.
We also see significant room for further improvements in the running times of our codes.

Sensitivity Analysis. An attractive feature of local algorithms is that they are, in general, ro-
bust. That is, they are expected to scale gracefully when edges appear or disappear, or traffic
patterns change [AL93]. We will not try to formalize this intuition here. In Figure 4.2, we
present an illustrative example of the behavior of local flow algorithms under dynamic sit-
uations, which shows how the resulting flows adapt quickly as we change the demands of
commaodities.
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Fig. 10. Sensitivity of the algorithm to changes in demands, for the idealized methodiwithl .98 on
a 500 node RMF graph witth commodities. We show the amounts of flow ariving at the sinks as we

repeatedly change the demands, and thus the amounts of commodity injected into the network in each
step.

5 Concluding Remarks

In this paper, we have proposed second-order methods for distributed, approximate maximum
flow and multicommodity flow based on the first-order algorithms recently proposed by Awer-
buch and Leighton [AL93, AL94]. We have presented experimental results that illustrate sev-
eral interesting aspects of the behavior of these algorithms, and that provide strong evidence
that the second-order methods significantly outperform their first-order counterparts.

The main open problem raised by our results is to give a formal analysis of the performance
of the second-order methods for multicommaodity flow, or to at least show a separation between
first-order and second-order methods. We believe that this is a very challenging technical prob-
lem. Our experimental results also raise, and leave open, a number of other intriguing questions
concerning the behavior of such distributed flow algorithms, and the diffusive processes un-
derlying them. We list a few below.

Question 1.1t would be very interesting to show that not only the amount of flow reaching
the sinks, but in fact the entire “flow pattern” in the network converges to a stable'$tate.
This was the case in all our experiments. If true, this will simplify the process of stopping the
iteration in a distributed manner when the flows have converged; furthermore, it may improve
the analytical bounds on the performance of the algorithm, since we do not have to average the
flows over several steps as suggested in [AL93].

Question 2.For the case of the maximum flow problem, it would be interesting to show bounds
that are tighter than those implied by the analysis for multicommodity flow in [AL93]. In

10 As far as we know, this question is still open even in the first-order maximum flow case.
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particular, it appears from our experiments that the convergence behavior of the maximum
flow algorithms may be significantly better thaye.

Question 3.Suppose the flow injected into the sources at each iteration consists of a collection
of packets. Can we analyze or bound the delays of the packets, given an appropriate scheduling
principle for packets at each node (such as first-in-first-out), if only for the first-order methods?
This would correspond to providing certain quality-of-service guarantees to the sessions in
communication networks. Such analysis was recently done for load balancing [MR98] and
packet routing [AK+98] under adversarial models of traffic injection, but assuming unit edge
capacities.

Question 4.As mentioned earlier, random walks can be modeled as a matrix iteration which
is identical to the behavior of first-order algorithms for distributed load balancing [MGS98].
Can we design random walks that correspond to second-order algorithms? This may lead to
improved bounds for mixing times of random walks. Some progress has been made recently
for special graphs [S98]. Another question that arises is whether random walks can be set up
to yield the first/second-order behavior in the presence of edge capacities. O

We are working on several extensions of our experimental results. In particular, we are
working on an implementation of the improved first-order algorithm presented in [AL94], and
on dynamic acceleration schemes for the second-order method such as those using Chebyshev
polynomials with ag that varies from iteration to iteration. We are also in the process of
carrying out a thorough comparison of our distributed implementations to that of the existing
sequential multicommodity codes (see [LSS93] and the references therein).
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7 Appendix: Experimental Setup

Implementation Details. All algorithms were implemented in C. A graphical frontend based on Tcl/Tk
was used to run experiments and display the results. All input graphs were supplied in the DIMACS graph
format, with some extensions to specify multiple commodities and changes in the demands over time.

Most of the execution time is spent in Steps (2) and (3) of the algorithm, which were implemented
together in one single loop over the edges. Thus, the partitioning of the commodities between the queues
was done during the edge balancing process, by applying an appropriate scaling factor to the flow stored
in a node. This resulted in a very efficient implementation for the maximum flow case.
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For the multicommodity flow case, the running time of Step (3) is dominated by the algorithm for
resolving contention between different commodities in Section 2.4.1 of [AL93], which requires sorting
the commodities in each edge by the valuesiefe)/d?. While these values vary between iterations,
the changes become increasingly smaller as the method converges. We exploited this property by using
insertion sort and inserting the commodities in the sorted order of the previous iteration.

Input Graphs.

In our experiments described in this paper, we used three different classes of input graphs: mesh
graphs, random leveled graphs, and RMF graphs. The first two types of graphs were generated using
the GENGRAPH program of Anderson et al. from the University of Washington. The RMF graphs were
generated with the GENRMF program of Tamas Badics. Both programs are available from the DIMACS
website. Examples of these graphs are shown in Figures 7, 7, and 7.

" @)
(9 —~

Fig. 11. Mesh graph with3 levels andl4 nodes. Fig.12. Random leveled graph with levels and

All edges have randomly chosen capacity, except4 nodes. All edges have randomly chosen capac-
for edges connecting to the source or sink, whictity, except for edges connecting to the source or

have capacity large enough such that they nevesink, which have capacity large enough such that
constitute a bottleneck. they never constitute a bottleneck.

Fig.13. A 3 x 3 x 2 RMF graph. All edges between different layers have randomly chosen capacity,
while edges inside a layer have capacity large enough such that they never constitute a bottleneck.

This article was processed using thgX macro package with LLNCS style
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